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PREFACE TO THE FOURTH EDITION 


THE main change from the third edition is that the chapter on quantum 
electrodynamics has been rewritten. The quantum electrodynamics 
given in the third edition describes the motion of individual charged 
particles moving through the electromagnetic field, in close analogy 
with classical electrodynamics. It is a form of theory in which the 
number of charged particles is conserved and it cannot be generalized 
to allow of variation of the number of charged particles. 

In present-day high-energy physics the creation and annihilation 
of charged particles is a frequent occurrence. A quantum electro- 
dynamics which demands conservation of the number of charged 
particles is therefore 6ut of touch with physical reality. So I have 
replaced it by a quantum electrodynamics which includes creation and 
annihilation of electron-positron pairs. This involves abandoning any 
close analogy with classical electron theory, but provides a closer 
description of nature. It seems that the classical concept of an electron 
is no longer a useful model in physics, except possibly for elementary 
theories that are restricted to low-energy phenomena. 
l P. A. M. D. 
ST. JOHN’S COLLEGE, CAMBRIDGE 

11 May 1957 


NOTE TO THE REVISION OF THE 
FOURTH EDITION 
THE opportunity has been taken of revising parts of Chapter XII 


(‘Quantum electrodynamics’) and of adding two new sections on 
interpretation and applications. P. A. M. D. 


ST. JOHN’S COLLEGE, CAMBRIDGE 
26 May 1967 


FROM THE 
PREFACE TO THE FIRST EDITION 


THE methods of progress in theoretical physics have undergone a 
vast change during the present century. The classical tradition 
has been to consider the world to be an association of observable 
objects (particles, fluids, fields, etc.) moving about according to 
definite laws of force, so that one could form a mental picture in 
space and time of the whole scheme. This led to a physics whose aim 
was to make assumptions about the mechanism and forces connecting 
these observable objects, to account for their behaviour in the 
simplest possible way. It has become increasingly evident in recent 
times, however, that nature works on a different plan. Her funda- 
mental laws do not govern the world as it appears in our mental 
picture in any very direct way, but instead they control a substra- 
tum of which we cannot form a mental picture without intro- 
ducing irrelevancies. The formulation of these laws requires the use 
of the mathematics of transformations. The important things in 
the world appear as the invariants (or more generally the nearly 
invariants, or quantities with simple transformation properties) 
of these transformations. The things we are immediately aware of 
are the relations of these nearly invariants to a certain frame of 
reference, usually one chosen so as to introduce special simplifying 
features which are unimportant from the point.of view of general 
theory. 

The growth of the use of transformation theory, as applied first to 
relativity and later to the quantum theory, is the essence of the new 
method in theoretical physics. Further progress lies in the direction 
of making our equations invariant under wider and still wider trans- 
formations. This state of affairs is very satisfactory from a philo- 
sophical point of view, as implying an increasing recognition of the 
part played by the observer in himself introducing the regularities 
that appear in his observations, and a lack of arbitrariness in the ways 
of nature, but it makes things less easy for the learner of physics. 
The new theories, if one looks apart from their mathematical setting, 
are built up from physical concepts which cannot be explained in 
terms of things previously known to the student, which cannot even 
be explained adequately in words at all. Like the fundamental con- 
cepts (e.g. proximity, identity) which every one must learn on his 
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arrival into the world, the newer concepts of physics can be mastered 
only by long familiarity with their properties and uses. 

From the mathematical side the approach to the new theories 
presents no difficulties, as the mathematics required (at any rate that 
which is required for the development of physics up to the present) - 
is not essentially different from what has been current for a consider- 
able time. Mathematics is the tool specially suited for dealing with 
abstract concepts of any kind and there is no limit to its power in this 
field. For this reason a book on the new physics, if not purely descrip- 
tive of experimental work, must be essentially mathematical. All the 
same the mathematics is only a tool and one should learn to hold the 
physical ideas in one’s mind without reference to the mathematical 
form. In this book I have tried to keep the physics to the forefront, 
by beginning with an entirely physical chapter and in the later work 
examining the physical meaning underlying the formalism wherever 
possible. The amount of theoretical ground one has to cover before 
being able to solve problems of real practical value is rather large, but 
this circumstance is an inevitable consequence of the fundamental 
part played by transformation theory and is likely to become more 
pronounced in the theoretical physics of the future. 

With regard to the mathematical form in which the theory can be 
presented, an author must decide at the outset between two methods. 
There is the symbolic method, which deals directly in an abstract way 
with the quantities of fundamental importance (the invariants, etc., 
of the transformations) and there is the method of coordinates or 
representations, which deals with sets of numbers corresponding to 
these quantities. The second of these has usually been used for the 
presentation of quantum mechanics (in fact it has been used practi- 
cally exclusively with the exception of Weyl’s book Gruppentheorie 
und Quantenmechanik). It is known under one or other of the two 
names ‘Wave Mechanics’ and ‘Matrix Mechanics’ according to which 
physical things receive emphasis in the treatment, the states of a 
system or its dynamical variables. It has the advantage that the kind 
of mathematics required is more familiar to the average student, and 
also it is the historical method. 

The symbolic method, however, seems to go more deeply into the 
nature of things. It enables one to express the physical laws in a neat 
and concise way, and will probably be increasingly used in the future 
as it becomes better understood and its own special mathematics gets 
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developed. For this reason I have chosen the symbolic method, 
introducing the representatives later merely as an aid to practical 
calculation. This has necessitated a complete break from the histori- 
cal line of development, but this break is an advantage through 
enabling the approach to the new ideas to be made as direct as 


possible. 
P. A. M. D. 
ST. JOHN’S COLLEGE, CAMBRIDGE 
29 May 1930 
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I 
THE PRINCIPLE OF SUPERPOSITION 


1. The need for a quantum theory . 
CLASSICAL mechanics has been developed continuously from the time 
of Newton and applied to an ever-widening range of dynamical 
systems, including the electromagnetic field in interaction with 
matter. The underlying ideas and the laws governing their applica- 
tion form a simple and elegant scheme, which one would be inclined 
to think could not be seriously modified without having all its 
attractive features spout. Nevertheless it has been found possible to 
set up a new scheme, called quantum mechanics, which is more 
suitable for the description of phenomena on the atomic scale and 
which is in some respects more elegant and satisfying than the 
classical scheme. This possibility is due to the changes which the 
new scheme involves being of a very profound character and not 
clashing with the features of the classical theory that make it-so 
attractive, as a result of which all these features can be incorporated 
in the new scheme. 

The necessity for a departure from classical mechanics is clearly 
shown by experimental results. In the first place the forces known 
in classical electrodynamics are inadequate for the explanation of the 
remarkable stability of atoms and molecules, which is necessary in 
order that materials may have any definite physical and chemical 
properties at all. The introduction of new hypothetical forces will not 
save the situation, since there exist general principles of classical 
mechanics, holding for all kinds of forces, leading to results in direct 
disagreement with observation. For example, if an atomic system has 
its equilibrium disturbed in any way and is then left alone, it will be set 
in oscillation and the oscillations will get impressed on the surround- 
ing electromagnetic field, so that their frequencies may be observed 
with a spectroscope. Now whatever the laws of force governing the 
equilibrium, one would expect to be able to include the various fre- 
quencies in a scheme comprising certain fundamental frequencies and 
their harmonics. This is not observed to be the case. Instead, there 
is observed a new and unexpected connexion between the frequencies, 
called Ritz’s Combination Law of Spectroscopy, according to which all 
the frequencies can be expressed as differences between certain terms, 
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the number of terms being much less than the number of frequencies. 
This law is quite unintelligible from the classical standpoint. 

One might try to get over the diffculty without departing from 
classical mechanics by assuming each of the spectroscopically ob- 
served frequencies to be a fundamental frequency with its own degree 
of freedom, the laws of force being such that the harmonic vibrations 
do not occur. Such a theory will not do, however, even apart from 
the fact that it would give no explanation of the Combination Law, 
since it would immediately bring one into conflict with the experi- 
mental evidence on specific heats. Classical statistical mechanics 
enables one to establish a general connexion between the total number 
of degrees of freedom of an assembly of vibrating systems and its 
specific heat. If one assumes all the spectroscopic frequencies of an 
atom to correspond to different degrees of freedom, one would get a 
specific heat for any kind of matter very much greater than the 
observed value. In fact the observed specific heats at ordinary 
temperatures are given fairly well by a theory that takes into account 
merely the motion of each atom as a whole and assigns no internal 
motion to it at all. 

This leads us to a new clash between classical mechanics and the 
results of experiment. There must certainly be some internal motion 
in an atom to account for its spectrum, but the internal degrees of 
freedom, for some classically inexplicable reason, do not contribute 
to the specific heat. A similar clash is found in connexion with the 
energy of oscillation of the electromagnetic field ina vacuum. Classical 
mechanics requires the specific heat corresponding to this energy to 
be infinite, but it is observed to be quite finite. A general conclusion 
from experimental results is that oscillations of high frequency do 
not contribute their classical quota to the specific heat. 

As another illustration of the failure of classical mechanics we may 
consider the behaviour of light. We have, on the one hand, the 
phenomena of interference and diffraction, which can be explained 
only on the basis of a wave theory; on the other, phenomena such as 
photo-electric emission and scattering by free electrons, which show 
that light is composed of small particles. These particles, which 
are called photons, have each a definite energy and momentum, de- 
pending on the frequency of the light, and appear to have just as 
real an existence as electrons, or any other particles known in physics. 
A fraction of a photon is never observed. 
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Experiments have shown that this anomalous behaviour is not 
peculiar to light, but is quite general. All material particles have 
wave properties, which can be exhibited under suitable conditions. 
We have here a very striking and general example of the breakdown 
of classical mechanics—not merely an inaccuracy in its laws of motion, 
but an inadequacy of its concepts to supply us with a description of 
atomic events. 

The necessity to depart from classical ideas when one wishes to 
account for the ultimate structure of matter may be seen, not only 
from experimentally established facts, but also from general philo- 
sophical grounds. In a classical explanation of the constitution of 
matter, one would assume it to be made up of a large number of small 
constituent parts and one would postulate laws for the behaviour of 
these parts, from which the laws of the matter in bulk could be de- 
. duced. This would not complete the explanation, however, since the 
question of the structure and stability of the constituent parts is left 
untouched. To go into this question, it becomes necessary to postu- 
late that each constituent part is itself made up of smaller parts, in 
terms of which its behaviour is to be explained. There is clearly no 
end to this procedure, so that one can never arrive at the ultimate 
structure of matter on these lines. So long as big and small are merely 
relative concepts, it is no help to explain the big in terms of the small. 
It is therefore necessary to modify classical ideas in n such a way as to 
give an absolute meaning to size. 

At this stage it becomes important to remember that science is 
concerned only with observable things and that we can observe an 
object only by letting it interact with some outside influence. An act 
of observation is thus necessarily accompanied by some disturbance 
of the object observéd. We may define an object to be big when the 
disturbance accompanying our observation of it may be neglected, 
and small when the disturbance cannot be neglected. This definition 
is in close agreement with the common meanings of big and small. 

It is usually assumed that, by being careful, we may cut down the 
disturbance accompanying our observation to any desired extent. 
The concepts of big and small are then purely relative and refer to the 
gentleness of our means of observation as well as to the object being 
described. In order to give an absolute meaning to size, such as is 
required for any theory of the ultimate structure of matter, we have 
to assume that there is a limit to the fineness of our powers of observation 
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and the smallness of the accompanying disturbance—a limit which is 
inherent in the nature of things and can never be surpassed by improved 
technique or increased skill on the part of the observer. Ifthe object under 
observation is such that the unavoidable limiting disturbance is negli- 
gible, then the object is big in the absolute sense and we may apply 
classical mechanics to it. If, on the other hand, the limiting dis- 
turbance is not negligible, then the object is small in the absolute 
sense and we require a new theory for dealing with it. 

A consequence of the preceding discussion is that we must revise 
our ideas of causality. Causality applies only to a system which is 
left undisturbed. If a system is small, we cannot observe it without 
producing a serious disturbance and hence we cannot expect to find 
any causal connexion between the results of our observations. 
Causality will still be assumed to apply to undisturbed systems and 
the equations which will be set up to describe an undisturbed system 
will be differential equations expressing a causal connexion between 
conditions at one time and conditions at a later time. These equations 
will be in close correspondence with the equations of classical 
mechanics, but they will be connected only indirectly with the results 
of observations. There is an unavoidable indeterminacy in the calcu- 
lation of observational results, the theory enabling us to calculate in 
- general only the probability of our obtaining a particular result when 
we make an observation. 


2. The polarization of photons 

The discussion in the preceding section about the limit to the 
gentleness with which observations can be made and the consequent 
indeterminacy in the results of those observations does not provide 
any quantitative basis for the building up of quantum mechanics. 
For this purpose a new set of accurate laws of nature is required. 
One of the most fundamental and most drastic of these is the Principle 
of Superposition of States. We shall lead up to a general formulation 
of this principle through a consideration of some special cases, taking 
first the example provided by the polarization of light. 

It is known experimentally that when plane-polarized light is used 
for ejecting photo-electrons, there is a preferential direction for the 
electron emission. Thus the polarization properties of light are closely 
connected with its corpuscular properties and one must ascribe a 
polarization to the photons. One must consider, for instance, a beam 
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of light plane-polarized in a certain direction as consisting of photons 
each of which is plane-polarized in that direction and a beam of 
circularly polarized light as consisting of photons each circularly 
polarized. Every photon is in a certain state of polarization, as we 
shall say. The problem we must now consider is how to fit in these 
ideas with the known facts about the resolution of light into polarized 
components and the recombination of these components. 

Let us take a definite case. Suppose we have a beam of light passing 
through a crystal of tourmaline, which has the property of letting 
through only light plane-polarized perpendicular to its optic axis. 
Classical electrodynamics tells us what will happen for any given 
polarization of the incident beam. If this beam is polarized per- 
pendicular to the optic axis, it will all go through the crystal; if 
parallel to the axis, none of it will go through; while if polarized at 
an angle « to the axis, a fraction sin’a will go through. How are we 
to understand these results on a photon basis? 

A beam that is plane-polarized in a certain direction is to be 
pictured as made up of photons each plane-polarized in that 
direction. This picture leads to no difficulty in the cases when our 
incident beam is polarized perpendicular or parallel to the optic axis. 
We merely have to suppose that each photon polarized perpendicular 
to the axis passes unhindered and unchanged through the crystal, 
while each photon polarized parallel to the axis is stopped and ab- 
sorbed. A difficulty arises, however, in the case of the obliquely 
polarized incident beam. Each of the incident photons is then 
obliquely polarized and it is not clear what will happen to such a 
photon when it reaches the tourmaline. 

A question about what will happen to a particular photon under 
certain conditions is not really very precise. To make it precise one 
must imagine some experiment performed having a bearing on the 
question and inquire what will be the result of the experiment. Only 
questions about the results of experiments have a real significance 
and it is only such questions that theoretical physics has to consider. 

In our present example the obvious experiment is to use an incident 
beam consisting of only a single photon and to observe what appears 
on the back side of the crystal. According to quantum mechanics 
the result of this experiment will be that sometimes one will find a 
whole photon, of energy equal to the energy of the incident photon, 
on the back side and other times one will find nothing. When one 

3595.57 l B 


6 THE PRINCIPLE OF SUPERPOSITION § 2 


finds a whole photon, it will be polarized perpendicular to the optic 
axis. One will never find only a part of a photon on the back side. 
If one repeats the experiment a large number of times, one will find 
the photon on the back side in a fraction sin*a« of the total number 
of times. Thus we may say that the photon has a probability sin?« 
of passing through the tourmaline and appearing on the back side 
polarized perpendicular to the axis and a probability cos*a« of being 
absorbed. These values for the probabilities lead to the correct 
classical results for an incident beam containing a large number of 
photons. 

In this way we preserve the individuality of the photon in all 
cases. We are able to do this, however, only because we abandon the . 
determinacy of the classical theory. The result of an experiment is 
not determined, as it would be according to classical ideas, by the 
conditions under the control of the experimenter. The most that can 
be predicted is a set of possible results, with a probability of occur- 
rence for each. 

The foregoing discussion about the result of an experiment with a 
single obliquely polarized photon incident on a crystal of tourmaline 
answers all that can legitimately be asked about what happens to an 
obliquely polarized photon when it reaches the tourmaline. Questions 
about what decides whether the photon is to go through or not and 
how it changes its direction of polarization when it does go through 
cannot be investigated by experiment and should be regarded as 
outside the domain of science. Nevertheless some further description 
is necessary in order to correlate the results of this experiment with 
the results of other experiments that might be performed with 
photons and to fit them all into a general scheme. Such further 
description should be regarded, not as an attempt to answer questions 
outside the domain of science, but as an aid to the formulation of 
rules for expressing concisely the results of large numbers of experi- 
ments. 

The further description provided by quantum mechanics runs as 
follows. It is supposed that a photon polarized obliquely to the optic 
axis may be regarded as being partly in the state of polarization 
parallel to the axis and partly in the state of polarization perpen- 
dicular to the axis. The state of oblique polarization may be con- 
sidered as. the result of some kind of superposition process applied to 
the two states of parallel and perpendicular polarization. This implies 
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a certain special kind of relationship between the various states of 
polarization, a relationship similar to that between polarized beams in 
classical optics, but which is now to be applied, not to beams, but to 
the states of polarization of one particular photon. This relationship 
allows any state of polarization to be resolved into, or expressed as a 
superposition of, any two mutually perpendicular states of polari- 
zation. 

When we make the photon meet a tourmaline crystal, we are sub- 
jecting it to an observation. We are observing whether it is polarized 
parallel or perpendicular to the optic axis. The effect of making this 
observation is to force the photon entirely into the state of parallel 
or entirely into the state of perpendicular polarization. It has to 
make a sudden jump from being partly in each of these two states to 
being entirely in one or other of them. Which of the two states it will 
jump into cannot be predicted, but is governed only by probability 
laws. If it jumps into the parallel state it gets absorbed and if it 
jumps into the perpendicular state it passes through the crystal and 
appears on the other side preserving this state of polarization. 


3. Interference of photons 

In this section we shall deal with another example of superposition. 
We shall again take photons, but shall be concerned with their posi- 
tion in space and their momentum instead of their polarization. If 
we are given a beam of roughly monochromatic light, then we know 
something about the location and momentum of the associated 
photons. We know that each of them is located somewhere in the 
region of space through which the beam is passing and has a momen- 
tum in the direction of the beam of magnitude given in terms of the 
frequency of the beam by Einstein’s photo-electric law—momentum 
equals frequency multiplied by a universal constant. When we have 
such information about the location and momentum of a photon we 
shall say that it is in a definite translational state. 

We shall discuss the description which quantum mechanics pro- 
vides of the interference of photons. Let us take a definite experi- 
ment demonstrating interference. Suppose we have a beam of light 
which is passed through some kind of interferometer, so that it gets 
split up into two components and the two components are subse- 
quently made to interfere. We may, as in the preceding section, take 
an incident beam consisting of only a single photon and inquire what 
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will happen to it as it goes through the apparatus. This will present 
to us the difficulty of the conflict between the wave and corpuscular 
theories of light in an acute form. 

Corresponding to the description that we had in the case of the 
polarization, we must now describe the photon as going partly into 
each of the two components into which the incident beam is split. 
The photon is then, as we may say, ina translational state given by the 
superposition of the two translational states associated with the two 
components. We are thus led to a generalization of the term ‘trans- 
lational state’ applied to a photon. For a photon to be in a definite 
translational state it need not be associated with one single beam of 
light, but may be associated with two or more beams of light which 
are the components into which one original beam has been split.f In 
the accurate mathematical theory each translational state is associated 
with one of the wave functions of ordinary wave optics, which wave 
function may describe either a single beam or two or more beams 
into which one original beam has been split. Translational states are 
thus superposable in a similar way to wave functions. 

Let us consider now what happens when we determine the energy 
in one of the components. The result of such a determination must 
be either the whole photon or nothing at all. Thus the photon must 
change suddenly from being partly in one beam and partly in the 
other to being entirely in one of the beams. This sudden change is 
due to the disturbance in the translational state of the photon which 
the observation necessarily makes. It is impossible to predict in which 
of the two beams the photon will be found. Only the probability of 
either result can be calculated from the previous distribution of the 
photon over the two beams. 

One could carry out the energy measurement without destroying the 
component beam by, for example, reflecting the beam from a movable 
mirror and observing the recoil. Our description of the photon allows 
us to infer that, after such an energy measurement, it would not be 
possible to bring about any interference effects between the two com- 
ponents. So long as the photon is partly in one beam and partly in 
the other, interference.can occur when the two beams are superposed, 
but this possibility disappears when the photon is forced entirely into 


+ The circumstance that the superposition idea requires us to generalize our 
original meaning of translational states, but that no corresponding generalization was 
needed for the states of polarization of the preceding section, is an accidental one 
with no underlying theoretical significance. 
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one of the beams by an observation. The other beam then no longer 
enters into the description of the photon, so that it counts as being 
entirely in the one beam in the ordinary way for any experiment that 
may subsequently be performed on it. 

On these lines quantum mechanics is able to effect a reconciliation 
of the wave and corpuscular properties of light. The essential point 
is the association of each of the translational states of a photon with 
one of the wave functions of ordinary wave optics. The nature of this 
association cannot be pictured on a basis of classical mechanics, but 
is something entirely new. It would be quite wrong to picture the 
photon and its associated wave as interacting in the way in which 
particles and waves can interact in classical mechanics. The associa- 
tion can be interpreted only statistically, the wave function giving 
us information about the probability of our finding the photon in any 
particular place when we make an observation of where it is. 

Some time before the discovery of quantum mechanics people 
realized that the connexion between light waves and photons must 
be of a statistical character. What they did not clearly realize, how- 
ever, was that the wave function gives information about the proba- 
bility of one photon being in a particular place and not the probable 
number of photons in that place. The importance of the distinction 
can be made clear in the following way. Suppose we have a beam 
of light consisting of a large number of photons split up into two com- 
ponents of equal intensity. On the assumption that the intensity of 
a beam is connected with the probable number of photons in it, we 
should have half the total number of photons going into each com- 
ponent. Ifthe two components are now made to interfere, we should 
require a photon in one component to be able to interfere with one in 
the other. Sometimes these two photons would have to annihilate one 
another and other times they would have to produce four photons. 
This would contradict the conservation of energy. The new theory, 
which connects the wave function with probabilities for one photon, 
gets over the difficulty by making each photon go partly into each of 
the two components. Each photon then interferes only with itself. - 
Interference between two different photons never occurs. 

The association of particles with waves discussed above is not 
restricted to the case of light, but is, according to modern theory, 
of universal applicability. All kinds of particles are associated with 
waves in this way and conversely all wave motion is associated with 
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particles. Thus all particles can be made to exhibit interference 
effects and all wave motion has its energy in the form of quanta. The 
reason why these general phenomena are not more obvious is on 
account of a law of proportionality between the mass or energy of the 
particles and the frequency of the waves, the coefficient being such 
that for waves of familiar frequencies the associated quanta are 
extremely small, while for particles even as light as electrons the 
associated wave frequency is so high that it is not easy to demonstrate 
interference. 


4, Superposition and indeterminacy 

The reader may possibly feel dissatisfied with the attempt in the 
two preceding sections to fit in the existence of photons with the 
classical theory of light. He may argue that a very strange idea has 
been introduced—the possibility of a photon being partly in each of 
two states of polarization, or partly in each of two separate beams— 
but even with the help of this strange idea no satisfying picture of 
the fundamental single-photon processes has been given. He may say 
further that this strange idea did not provide any information about 
experimental results for the experiments discussed, beyond what 
could have been obtained from an elementary consideration of 
photons being guided in some vague way by waves. What, then, is 
the use of the strange idea? 

In answer to the first criticism it may be remarked that the main 
object of physical science is not the provision of pictures, but is the 
formulation of laws governing phenomena and the application of 
these laws to the discovery of new phenomena. If a picture exists, 
so much the better; but whether a picture exists or not is a matter 
of only secondary importance. In the case of atomic phenomena 
no picture can be expected to exist in the usual sense of the word 
‘picture’, by which is meant a model functioning essentially on 
classical lines. One may, however, extend the meaning of the word 
‘picture’ to include any way of looking at the fundamental laws which 
makes their self-consistency obvious. With this extension, one may 
gradually acquire a picture of atomic phenomena by becoming 
familiar with the laws of the quantum theory. 

With regard to the second criticism, it may be remarked that for 
many simple experiments with light, an elementary theory of waves 
and photons connected in a vague statistical way would be adequate 
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to account for the results. In the case of such experiments quantum 
mechanics has no further information to give. In the great majority 
of experiments, however, the conditions are too complex for an 
elementary theory of this kind to be applicable and some more 
elaborate scheme, such as is provided by quantum mechanics, is then 
needed. The method of description that quantum mechanics gives 
in the more complex cases is applicable also to the simple cases and 
although it is then not really necessary for accounting for the experi- 
mental results, its study in these simple cases is perhaps a suitable 
introduction to its study in the general case. 

There remains an overall criticism that one may make to the whole 
scheme, namely, that in departing from the determinacy of the 
classical theory a great complication is introduced into the descrip- 
tion of Nature, which is a highly undesirable feature. This complica- 
tion is undeniable, but it is offset by a great simplification, provided 
by the general principle of superposition of states, which we shall now 
go on to consider. But first it is necessary to make precise the impor- 
tant concept of a ‘state’ of a general atomic system. 

Let us take any atomic system, composed of particles or bodies 
with specified properties (mass, moment of inertia, etc.) interacting 
according to specified laws of force. There will be various possible 
motions of the particles or bodies consistent with the laws of force. 
Each such motion is called a state of the system. According to 
classical ideas one could specify a state by giving numerical values 
to all the coordinates and velocities of the various component parts 
of the system at some instant of time, the whole motion being then 
completely determined. Now the argument of pp. 3 and 4 shows that 
we cannot observe a small system with that amount of detail which 
classical theory supposes. The limitation in the power of observation 
puts a limitation on the number of data that can be assigned to a 
state. Thus a state of an atomic system must be specified by fewer 
or more indefinite data than a complete set of numerical values 
for all the coordinates and velocities at some instant of time. In the 
case when the system is just a single photon, a state would be com- 
pletely specified by a given translational state in the sense of § 3 
together with a given state of polarization in the sense of § 2. 

A state of a system may be defined as an undisturbed motion that 
is restricted by as many conditions or data as are theoretically 
possible without mutual interference or contradiction. In practice 
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the conditions could be imposed by @ suitable preparation of the 
system, consisting perhaps in passing it through various kinds of 
sorting apparatus, such as slits and polarimeters, the system being 
left undisturbed after the preparation. The word ‘state’ may be 
used to mean either the state at one particular time (alter the 
preparation), or the state throughout the whole of time after the 
preparation. ‘To distinguish these two meanings, the latter will be 
called a ‘state of motion’ when there is liable to be ambiguity. 

The general principle of superposition of quantum mechanics 
applies to the states, with either of the above meanings, of any one 
dynamical system. It requires us to assume that between these 
states there exist peculiar relationships such that whenever the 
system is definitely in one state we can consider it as being partly 
in each of two or more other states. The original state must be 
regarded as the result of a kind of superposition of the two or more 
new states, in a way that cannot be conceived on classical ideas. Any 
state may be considered as the result of a superposition of two or 
more other states, and indeed in an infinite number of ways. Con- 
versely any two or more states may be superposed to give a new 
state. The procedure of expressing a state as the result of super- 
position of a number of other states is a mathematical procedure 
that is always permissible, independent of any reference to physical 
conditions, like the procedure of resolving a wave into Fourier com- 
ponents. Whether it is useful in any particular case, though, depends 
on the special physical conditions of the problem under consideration. 

In the two preceding sections examples were given of the super- 
position principle applied to a system consisting of a single photon. 
§ 2 dealt with states differing only with regard to the polarization and 
§ 3 with states differing only with regard to the motion of the photon 
as a whole. , 

The nature of the relationships which the superposition principle 
requires to exist between the states of any system is of a kind that 
cannot be explained in terms of familiar physical concepts. One 
cannot in the classical sense picture a system being partly in each of 
two states and see the equivalence of this to the system being com- 
pletely in some other state. There is an entirely new idea involved, 
to which one must get accustomed and in terms of which one must 
proceed to build up an exact mathematical theory, without having 
any detailed classical picture. 
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When a state is formed by the superposition of two other states, 
it will have properties that are in some vague way intermediate 
between those of the two original states and that approach more or 
less closely to those of either of them according to the greater or less 
‘weight’ attached to this state in the superposition process. The new 
state is completely defined by the two original states when their 
relative weights in the superposition process are known, together 
with a certain phase difference, the exact meaning of weights and 
phases being provided in the general case by the mathematical theory. 
In the case of the polarization of a photon their meaning is that pro- 
vided by classical optics, so that, for example, when two perpendicu- 
larly plane polarized states are superposed with equal weights, the 
new state may be circularly polarized in either direction, or linearly 
polarized at an angle 47, or else elliptically polarized, according to 
the phase difference. 

The non-classical nature of the superposition process is brought 
out clearly if we consider the superposition of two states, A and B, 
such that there exists an observation which, when made on the 
system in state A, is certain to lead to one particular result, a say, and 
when made on the system in state B is certain to lead to some different 
result, b say. What will be the result of the observation when made 
on the system in the superposed state? The answer is that the result 
will be sometimes a and sometimes b, according to a probability law 
depending on the relative weights of A and B in the superposition 
process. It will never be different from both a and b. The inter- 
mediate character of the state formed by superposition thus expresses 
itself through the probability of a particular result for an observation 
being intermediate between the corresponding probabilities for the original 
states,f not through the result itself being intermediate between the 
corresponding results for the original states. 

In this way we see that such a drastic departure from ordinary 
ideas as the assumption of superposition relationships between the 
states is possible only on account of the recognition of the importance 
of the disturbance accompanying an observation and of the conse- 
quent indeterminacy in the result of the observation. When an 
observation is made on any atomic system that is in a given state, 


+t The probability of a particular result for the state formed by superposition is not 
always intermediate between those for the original states in the general case when 
those for the original states are not zero or unity, so there are restrictions on the 
‘intermediateness’ of a state formed by superposition. 
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in general the result will not be determinate, i.e., if the experiment 
is repeated several times under identical conditions several different 
results may be obtained. It is a law of nature, though, that if the 
experiment is repeated a large number of times, each particular result 
will be obtained in a definite fraction of the total number of times, so 
that there is a definite probability of its being obtained. This proba- 
bility is what the theory sets out to calculate. ‘Only in special cases 
when the probability for some result is unity is the result of the 
experiment determinate. 

The assumption of superposition relationships between the states 
leads to a mathematical theory in which the equations that define 
a state are linear in the unknowns. In consequence of this, people 
have tried to establish analogies with systems in classical mechanics, 
such as vibrating strings or membranes, which are governed by linear 
equations and for which, therefore, a superposition principle holds. 
Such analogies have led to the name ‘Wave Mechanics’ being some- 
times given to quantum mechanics. It is important to remember, 
however, that the superposition that occurs in quantum mechanics is 
of an essentially different nature from any occurring in the classical 
theory, as is shown by the fact that the quantum superposition prin- 
ciple demands indeterminacy in the results of observations in order 
to be capable of a sensible physical interpretation. The analogies are 
thus liable to be misleading. 


5. Mathematical formulation of the principle 

A profound change has taken place during the present century in 
the opinions physicists have held on the mathematical foundations 
of their subject. Previously they supposed that the principles of 
Newtonian mechanics would provide the basis for the description 
of the whole of physical phenomena and that all the theoretical 
physicist had to do was suitably to develop and apply these prin- 
ciples. With the recognition that there is no logical reason why 
Newtonian and other classical principles should be valid outside the 
domains in which they have been experimentally verified has come 
the realization that departures from these principles are indeed 
necessary. Such departures find their expression through the intro- 
duction of new mathematical formalisms, new schemes of axioms 
and rules of manipulation, into the methods of theoretical physics. 

Quantum mechanics provides a good example of the new ideas. It 
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requires the states of a dynamical system and the dynamical variables 
to be interconnected in quite strange ways that are unintelligible 
from the classical standpoint. The states and dynamical variables 
have to be represented by mathematical quantities of different 
natures from those ordinarily used in physics. The new scheme 

becomes a precise physical theory when all the axioms and rules of 
manipulation governing the mathematical quantities are specified 
and when in addition certain laws are laid down connecting physical 
facts with the mathematical formalism, so that from any given 
physical conditions equations between the mathematical quantities 
may be inferred and vice versa. In an application of the theory one 
would be given certain physical information, which one would pro- 
ceed to express by equations between the mathematical quantities. 
One would then deduce new equations with the help of the axioms 
and rules of manipulation and would conclude by interpreting these 
new equations as physical conditions. The justification for the whole 
scheme depends, apart from internal consistency, on the agreement 
of the final results with experiment. 

We shall begin to set up the scheme by dealing with the mathe- 
matical relations between the states of a dynamical system at one 
instant of time, which relations will come from the mathematical 
formulation of the principle of superposition. The superposition pro- 
cess is a kind of additive process and implies that states can in some 
way be added to give new states. The states must therefore be con- 
nected with mathematical quantities of a kind which can be added 
together to give other quantities of the same kind. The most obvious 
of such quantities are vectors. Ordinary vectors, existing in a space 
of a finite number of dimensions, are not sufficiently general for 
most of the dynamical systems in quantum mechanics. We have to 
make a generalization to vectors in a space of an infinite number of 
dimensions, and the mathematical treatment becomes complicated 
by questions of convergence. For the present, however, we shall deal 
merely with some general properties of the vectors, properties which 
can be deduced on the basis of a simple scheme of axioms, and 
questions of convergence and related topics will not be gone into 
until the need arises. 

It is desirable to have a special name for describing the vectors 
which are connected with the states of a system in quantum mecha- 
nics, whether they are in a space of a finite or an infinite number of 
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dimensions. We shall call them ket vectors, or simply kets, and denote 
a general one of them by a special symbol |>. If we want to specify 
a particular one of them by a label, A say, we insert it in the middle, 
thus |A>. The suitability of this notation will become clear as the 
scheme is developed. 

Ket vectors may be multiplied by complex numbers and may be 
added together to give other ket vectors, e.g. from two ket vectors 
|A> and |B> we can form 


cı |A>+c, |B> = |B), (1) 


say, where c, and c, are any two complex numbers. We may also 
perform more general linear processes with them, such as adding an 
infinite sequence of them, and if we have a ket vector |x), depending 
on and labelled by a parameter x which can take on all values in a 
certain range, we may integrate it with respect to x, to get another 


ket vector 
[imde=|Q> > 


say. A ket vector which is expressible linearly in terms of certain 
others is said to be dependent on them. A set of ket vectors are called 
independent if no one of them is expressible linearly in terms of the 
others. 

We now assume that each state of a dynamical system at a particular 
time corresponds to a ket vector, the correspondence being such that if a 
state results from the superposition of certain other states, its correspond- 
ing ket vector is expressible linearly in terms of the corresponding ket 
vectors of the other states, and conversely. Thus the state R results from 
a superposition of the states A and B when the corresponding ket 
vectors are connected by (1). 

The above assumption leads to certain properties of the super- 
position process, properties which are in fact necessary for the word 
‘superposition’ to be appropriate. When two or more states are 
superposed, the order in which they occur in the superposition 
process is unimportant, so the superposition process is symmetrical 
between the states that are superposed. Again, we see from equation 
(1) that (excluding the case when the coefficient c, or cg is zero) if 
the state R can be formed by superposition of the states A and B, 
then the state A can be formed by superposition of B and K, and B 
can be formed by superposition of A and R. The superposition 
relationship is symmetrical between all three states A, B, and R. 
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A state which results from the superposition of certain other 
states will be said to be dependent on those states. More generally, 
a state will be said to be dependent on any set of states, finite or 
infinite in number, if its corresponding ket vector is dependent on 
the corresponding ket vectors of the set of states. A set of states 
will be called independent if no one of them is dependent on the 
others. 

To proceed with the mathematical formulation of the superposition 
principle we must introduce a further assumption, namely the assump- 
tion that by superposing a state with itself we cannot form any new 
state, but only the original state over again. If the original state 
corresponds to the ket vector |A>, when it is superposed with itself 
the resulting state will correspond to 


c |A>-+c¢, |A> = (c,+¢,)|A), 


where c, and c, are numbers. Now we may have c,-+c, = 0, in which 
case the result of the superposition process would be nothing at all, 
the two components having cancelled each other by an interference 
effect. Our new assumption requires that, apart from this special 
case, the resulting state must be the same as the original one, so that 
(c,+c,)|A> must correspond to the same state that |A> does. Now 
C,+¢, is an arbitrary complex number and hence we can conclude 
that if the ket vector corresponding to a state 1s multiplied by any 
complex number, not zero, the resulting ket vector will correspond to the 
same state. Thus a state is specified by the direction of a ket vector 
and any length one may assign to the ket vector is irrelevant. All 
the states of the dynamical system are in one-one correspondence 
with all the possible directions for a ket vector, no distinction being 
made between the directions of the ket vectors |A> and —|A). 

The assumption just made shows up very clearly the fundamental 
difference between the superposition of the quantum theory and any 
kind of classical superposition. In the case of a classical system for 
which a superposition principle holds, for instance a vibrating mem- 
brane, when one superposes a state with itself the result is a different 
state, with a different magnitude of the oscillations. There is no 
physical characteristic of a quantum state corresponding to the 
magnitude of the classical oscillations, as distinct from their quality, 
described by the ratios of the amplitudes at different points of 
the membrane. Again, while there exists a classical state with zero 
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amplitude of oscillation everywhere, namely the state of rest, there 
does not exist any corresponding state for a quantum system, the 
zero ket vector corresponding to no state at all. 

Given two states corresponding to the ket vectors |A> and |B), 
the general state formed by superposing them corresponds to a ket 
vector |R> which is determined by two complex numbers, namely 
the coefficients c, and c, of equation (1). If these two coefficients are 
multiplied by the same factor (itself a complex number), the ket 
vector |R> will get multiplied by this factor and the corresponding 
state will be unaltered. Thus only the ratio of the two coefficients 
is effective in determining the state R. Hence this state is deter- 
mined by one complex number, or by two real parameters. Thus 
from two given states, a twofold infinity of states may be obtained 
by superposition. 

This result is confirmed by the examples discussed in §§ 2 and 3. 
In the example of § 2 there are just two independent states of polari- 
zation for a photon, which may be taken to be the states of plane 
polarization parallel and perpendicular to some fixed direction, and 
from the superposition of these two a twofold infinity of states of 
polarization can be obtained, namely all the states of elliptic polari- 
zation, the general one of which requires two parameters to describe 
it. Again, in the example of § 3, from the superposition of two given 
translational states for a photon a twofold infinity of translational 
states may be obtained, the general one of which is described by two 
parameters, which may be taken to be the ratio of the amplitudes 
of the two wave functions that are added together and their phase 
relationship. This confirmation shows the need for allowing complex 
coefficients in equation (1). If these coefficients were restricted to be 
real, then, since only their ratio is of importance for determining the 
direction of the resultant ket vector |R) when |A> and |B) are 
given, there would be only a simple infinity of states obtainable from 
the superposition. 


6. Bra and ket vectors 

Whenever we have a set of vectors in any mathematical theory, 
we can always set up a second set of vectors, which mathematicians 
call the dual vectors. The procedure will be described for the case 
when the original vectors are our ket vectors. 

Suppose we have a number ¢ which is a function of a ket vector 
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|A>, i.e. to each ket vector |A> there corresponds one number 4, 
and suppose further that the function is a linear one, which means 
that the number corresponding to |A>+/A’> is the sum of the 
numbers corresponding to |A»> and to |A’>, and the number corre- 
sponding to c|A> is c times the number corresponding to |A), c 
being any numerical factor. Then the number ¢ corresponding to 
any |A> may be looked upon as the scalar product of that |A> with 
some new vector, there being one of these new vectors for each linear 
function of the ket vectors |A>. The justification for this way of 
looking at ¢ is that, as will be seen later (see equations (5) and (6)), 
the new vectors may be added together and may be multiplied by 
numbers to give other vectors of the same kind. The new vectors 
are, of course, defined only to the extent that their scalar products 
with the original ket vectors are given numbers, but this is suff- 
cient for one to be able to build up a mathematical theory about 
them. 

We shall call the new vectors bra vectors, or simply bras, and denote 
a general one of them by the symbol <|, the mirror image of the 
symbol for a ket vector. If we want to specify a particular one of 
them by a label, B say, we write it in the middle, thus <B|. The 
scalar product of a bra vector <B| and a ket vector |A) will be 
written <B|A)>, i.e. as a juxtaposition of the symbols for the bra 
and ket vectors, that for the bra vector being on the left, and the 
two vertical lines being contracted to one for brevity. 

One may look upon the symbols < and > as a distinctive kind of 
brackets. A scalar product < B|4> now appears as a complete bracket 
expression and a bra vector <B] or a ket vector |A> as an incomplete 
bracket expression. We have the rules that any complete bracket 
expression denotes a number and any incomplete bracket expression 
denotes a vector, of the bra or ket kind according to whether it contains 
the first or second part of the brackets. 

The condition that the scalar product of <B| and |A) is a linear 
function of |A> may be expressed symbolically by 


(BAD +|A} = <BlAD+<BIA’, (2) 
(Bl{c|A>} = c< BIA), (3) 


c being any number. 
A bra vector is considered to be completely defined when its scalar 
product with every ket vector is given, so that if a bra vector has its 
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scalar product with every ket vector vanishing, the bra vector itself 
must be considered as vanishing. In symbols, if 


<P\|A> = 0, all JAD, (4) 
then . «P| = 0. 


The sum of two bra vectors <B| and <B’| is defined by the condition 
that its scalar product with any ket vector |4» is the sum of the 
scalar products of <B] and <B’| with |A), 


| {(B|+<B}|A> = <BlA>+¢B" A), (5) 
and the product of a bra vector < B| and a number c is defined by the 


condition that its scalar product with any ket vector |A) is c times 
_ the scalar product of <B] with |A), 


{<B} A> = ec BlA). (6) 


Equations (2) and (5) show that products of bra and ket vectors 
satisfy the distributive axiom of multiplication, and equations (3) 
and (6) show that multiplication by numerical factors satisfies the 
usual algebraic axioms. 

The bra vectors, as they have been here introduced, are quite a 
different kind of vector from the kets, and so far there is no connexion 
between them except for the existence of a scalar product of a bra 
and a ket. We now make the assumption that there ts a one-one 
correspondence between the bras and the kets, such that the bra corre- 
sponding to |A>-+|A’> is the sum of the bras corresponding to |A> and 
to |A’>, and the bra corresponding to c|A> is E times the bra corre- 
sponding to |A>, E being the conjugate complex number to c. We shall 
use the same label to specify a ket and the corresponding bra. Thus 
the bra corresponding to |A> will be written <¢A|. 

The relationship between a ket vector and the corresponding bra 
makes it reasonable to call one of them the conjugate imaginary of 
the other. Our bra and ket vectors are complex quantities, since they 
can be multiplied by complex numbers and are then of the same 
nature as before, but they are complex quantities of a special kind 
which cannot be split up into real and pure imaginary parts. The 
usual method of getting the real part of a complex quantity, by 
taking half the sum of the quantity itself and its conjugate, cannot 
be applied since a bra and a ket vector are of different natures and 
cannot be added together. To call attention to this distinction, we 
shall use the words ‘conjugate complex’ to refer to numbers and 


§ 6 BRA AND KET VECTORS 21 


other complex quantities which can be split up into real and pure 
imaginary parts, and the words ‘conjugate imaginary’ for bra and 
ket vectors, which cannot. With the former kind of quantity, we 
shall use the notation of putting a bar over one of them to get the 
conjugate complex one. 

On account of the one-one correspondence between bra vectors and 
ket vectors, any state of our dynamical system at a particular time may 
be specified by the direction of a bra vector just as well as by the direction 
of a ket vector. In fact the whole theory will be symmetrical in its 
essentials between bras and kets. 

Given any two ket vectors |A> and |B>, we can construct from 
them a number <B|A) by taking the scalar product of the first with 
the conjugate imaginary of the second. This number deperids linearly 
on |A> and antilinearly on |B), the antilinear dependence meaning 
that the number formed from |B)-++|B’> is the sum of the numbers 
formed from |B> and from |B’>, and the number formed from c|B> 
is € times the number formed from |B). There is a second way in 
which we can construct a number which depends linearly on |A> and 
antilinearly on |B), namely by forming the scalar product of |B) 
with the conjugate imaginary of |A> and taking the conjugate com- 
plex of this scalar product. We assume that these two numbers are 


always equal, i.e. — 
wa (B\A) = AJB). (7). 


Putting |B) = |A)> here, we find that the number (A|A> must be 
real. We make the further assumption 

<A|A> > 0, (8) 
except when [A> = 0. 

In ordinary space, from any two vectors one can construct a 
number—their scalar product—which is a real number and 1s sym- 
metrical between them. In the space of bra vectors or the space of 
ket vectors, from any two vectors one can again construct a number 
—the scalar product of one with the conjugate imaginary of the 
other—but this number is complex and goes over into the conjugate 
complex number when the two vectors are interchanged. There is 
thus a kind of perpendicularity in these spaces, which is a generaliza- 
tion of the perpendicularity in ordinary space. We shall call a bra 
and a ket vector orthogonal if their scalar product is zero, and two 
bras or two kets will be called orthogonal if the scalar product of one 
with the conjugate imaginary of the other is zero. Further we shall 
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say that two states of our dynamical system are orthogonal if the 
vectors corresponding to these states are orthogonal. 

The length of a bra vector <A| or of the conjugate imaginary ket 
vector |A» is defined as the square root of the positive number 
<A|A>. When we are given a state and wish to set up a bra or ket 
vector to correspond to it, only the direction of the vector is given 
and the vector itself is undetermined to the extent of an arbitrary 
numerical factor. It is often convenient to choose this numerical 
factor so that the vector is.of length unity. This procedure is called 
normalization and the vector so chosen is said to be normalized. The 
vector is not completely determined even then, since one can still 
multiply it by any number of modulus unity, i.e. any number e*” 
where y is real, without changing its length. We shall call such a 
number a phase factor. 

The foregoing assumptions give the complete scheme of relations 
between the states of a dynamical system at a particular time. The 
relations appear in mathematical form, but they imply physical 
conditions, which will lead to results expressible in terms of observa- 
tions when the theory is developed further. For instance, if two states 
are orthogonal, it means at present simply a certain equation in our 
formalism, but this equation implies a definite physical relationship 
between the states, which further developments of the theory will 
enable us to interpret in terms of observational results (see the 
bottom of p. 35). 
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7. Linear operators 

In the preceding section we considered a number which is a linear 
function of a ket vector, and this led to the concept of a bra vector. 
We shall now consider a ket vector which is a linear function of a 
ket vector, and this will lead to the concept of a linear operator. 

Suppose we have a ket |F> which is a function of a ket |A), Le. 
to each ket |A> there corresponds one ket |/)>, and suppose further 
that the function is a linear one, which means that the | F> corre- 
sponding to |A)-+|A’> is the sum of the |FY’s corresponding to |A> 
and to |A’>, and the |F> corresponding to c|A)> is c times the |’) 
corresponding to |A), c being any numerical factor. Under these 
conditions, we may look upon the passage from |A>» to |#> as the 
application of a linear operator to |A>. Introducing the symbol a 
for the linear operator, we may write 

P> = «|A), 
in which the result of « operating on |A> is written like a product 
of « with |A>. We make the rule that in such products the ket vector 
must always be put on the right of the linear operator. The above 
conditions of linearity may now be expressed by the equations 
af{|A>+|AY} = o|4>+al A”, ! (1) 
a{c|A>} = ca|A>. 

A linear operator is considered to be completely defined when the 
result of its application to every ket vector is given. Thus a linear 
operator is to be considered zero if the result of its application to every 
ket vanishes, and two linear operators are to be considered equal if 
they produce the same result when applied to every ket. 

Linear operators can hke added together, the sum of two linear 
operators being defined to be that linear operator which, operating 
on any ket, produces the sum of what the two linear operators 
separately would produce. Thus «-+f is defined by 

{a+P}|A> = a|A>+B|A> - (2) 
for any |A>. Equation (2) and the first of equations (1) show that 
products of linear operators with ket vectors satisfy the distributive 
axiom of multiplication. 
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Linear: operators can also be multiplied together, the product of 
two linear operators being defined as that linear operator, the appli- 
cation of which to any ket produces the same result as the application 
of the two linear operators successively.. Thus the product af is 
defined as the linear operator which, operating on any ket |A), 
changes it into that ket which one would get by operating first on 
|A> with £, and then on the result of the first operation with «. In 


symbols {oB}|A> = afB|A}.- 


This definition appears as the associative axiom of multiplication for 
the triple product of «œ, $, and |A>, and allows us to write this triple 
product as «8|A» without brackets. However, this triple product is 
in general not the same as what we should get if we operated on |A>» 
first with « and then with £, i.e. in general «8|A)> differs from fu|A), 
so that in general «f must differ from Ba. The commutative axiom of 
multiplication does not hold for linear operators. It may happen as a 
special case that two linear operators € and y are such that én and 
n€ are equal. In this case we say that € commutes with n, or that £ 
and 7 commute. ) 

By repeated applications of the above processes of adding and 
multiplying linear operators, one can form sums and products of 
more than two of them, and one can proceed to build up an algebra 
with them. In this algebra the commutative axiom of multiplication 
does not hold, and also the product of two linear operators may 
vanish without either factor vanishing. But all the other axioms of 
ordinary algebra, including the associative and distributive axioms 
of multiplication, are valid, as may easily be verified. 

If we take a number k and multiply it into ket vectors, it appears 
as a linear operator operating on ket vectors, the conditions (1) being 
fulfilled with k substituted for «. A number is thus a special case of 
a linear operator. It has the property that it commutes with all linear 
operators and this property distinguishes it from a general linear 
operator. 

So far we have considered linear operators operating only on ket 
vectors. We can give a meaning to their operating also on bra vectors, 
in the following way. Take the scalar product of any bra <B] with 
the ket «|A>. This scalar product is a number which depends 
linearly on |A) and therefore, from the definition of bras, it may be 
considered as the scalar product of |A> with some bra. The bra thus 
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defined depends linearly on < B|, so we may look upon it as the result of 
some linear operator applied to <B]. This linear operator is uniquely 
determined by the original linear operator « and may reasonably be 
called the same linear operator operating on a bra. In this way our 
linear operators are made capable of operating on bra vectors. 

A suitable notation to use for the resulting bra when « operates on 
the bra <B] is (Bla, as in this notation the equation which defines 


Bilal 
Bla 18 KBla}l4> = CBlfalA)} (3) 


for any |A)>, which simply expresses the associative axiom of multi- 
plication for the triple product of <B|, «a, and |A>. We therefore 
make the general rule that in a product of a bra and a linear operator, 
the bra must always be put on the left. We can now write the triple 
product of <B|, «, and |A> simply as <Bla|A> without brackets. It 
may easily be verified that the distributive axiom of multiplication 
holds for products of bras and linear operators just as well as for 
products of linear operators and kets. 

There is one further kind of product which has a meaning in our 
scheme, namely the product of a ket vector and a bra vector with 
the ket on the left, such as |A><B|. To examine this product, let us 
multiply it into an arbitrary ket |P>, putting the ket on the right, 
‘and assume the associative axiom of multiplication. The product is 
then |4><B|P)>, which is another ket, namely |A> multiplied by the 
number <B|P», and this ket depends linearly on the ket |P>. Thus 
|A><B| appears as a linear operator that can operate on kets. It 
can also operate on bras, its product with a bra <Q] on the left being 
<Q|A><B|, which is the number <Q|A> times the bra ¢<B|. The 
product |A><B| is to be sharply distinguished from the product 
<B\A» of the same factors in the reverse order, the latter product 
being, of course, a number. 

We now have a complete algebraic scheme involving three kinds 
of quantities, bra vectors, ket vectors, and linear operators. They can 
be multiplied together in the various ways discussed above, and the 
associative and distributive axioms of multiplication always hold, 
but the commutative axiom of multiplication does not hold. In this 
general scheme we still have the rules of notation of the preceding 
section, that any complete bracket expression, containing < on the 
left and > on the right, denotes a number, while any incomplete 
bracket expression, containing only < or >, denotes a vector. 
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With regard to the physical significance of the scheme, we have 
already assumed that the bra vectors and ket vectors, or rather the 
directions of these vectors, correspond to the states of a dynamical 
system at a particular time. We now make the further assumption 
that the linear operators correspond to the dynamical variables at that 
time. By dynamical variables are meant quantities such as the 
coordinates and the components of velocity, momentum and angular 
momentum of particles, and functions of these quantities—in fact 
the variables in terms of which classical mechanics is built up. The 
new assumption requires that these quantities shall occur also in 
quantum mechanics, but with the striking difference that they are 
now subject to an algebra in which the commutative axiom of multiplica- 
tion does not hold. 

This different algebra for the dynamical variables is one of the 
most important ways in which quantum mechanics differs from 
classical mechanics. We shall see later on that, in spite of this funda- 
mental difference, the dynamical variables of quantum mechanics 
still have many properties in common with their classical counter- 
parts and it will be possible to build up a theory of them closely 
analogous to the classical theory and forming a beautiful generaliza- 
tion of it. 

It is convenient to use the same letter to denote a dynamical 
variable and the corresponding linear operator. In fact, we may con- 
sider a dynamical variable and the corresponding linear operator to 
be both the same thing, without getting into confusion. 


8. Conjugate relations 

Our linear operators are complex quantities, since one can multiply 
them by complex numbers and get other quantities of the same nature. 
Hence they must correspond in general to complex dynamical vari- 
ables, i.e. to complex functions of the coordinates, velocities, etc. We 
need some further development of the theory to see what kind of 
linear operator corresponds to a real dynamical variable. 

Consider the ket which is the conjugate imaginary of <P|a. This 
ket depends antilinearly on <P| and thus depends linearly on |P>. 
It may therefore be considered as the result of some linear operator 
operating on |P». This linear operator is called the adjoint of « and 
we shall denote it by &. With this notation, the conjugate 1 imaginary 
of <Pla is &| PY. 
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In formula (7) of Chapter I put «Pla for <A| and its conjugate 
imaginary «|P> for |A>. The result is 

(Bla|P> = <Pla|B>. (4) 

This is a general formula holding for any ket vectors |B», |P> and 

any linear operator a, and it expresses one of the most frequently 


used properties of the adjoint. 
Putting « for a in (4), we get 


{B\a|P) = (Pla|B) = <BlalP), 


by using (4) again with |P> and |B) interchanged. This holds for 
any ket |P>, so we can infer from (4) of Chapter 1, 

(Bla = <Bla, 
and since this holds for any bra vector <B], we can infer 

a = a. 

Thus the adjoint of the adjoint of a linear operator is the original linear 
operator. This property of the adjomt makes it like the conjugate 
complex of a number, and it is easily verified that in the special case 
when the linear operator is a number, the adjoint linear operator is 
the conjugate complex number. Thus it is reasonable to assume that 
the adjoint of a linear operator corresponds to the conjugate complex of 
a dynamical variable. With this physical significance for the adjoint 
of a linear operator, we may call the adjoint alternatively the con- 
jugate complex linear operator, which conforms with our notation «a. 

A linear operator may equal its adjoint, and is then called self- 
adjoint. It corresponds to a real dynamical variable, so it may be 
called alternatively a real linear operator. Any linear operator may 
be split up into a real part and a pure imaginary part. For this 
reason the words ‘conjugate complex’ are applicable to linear 
operators and not the words ‘conjugate imaginary’. 

The conjugate complex of the sum of two linear operators is 
obviously the sum of their conjugate complexes. To get the conjugate 
complex of the product of two linear operators œ and £, we apply 
formula (7) of Chapter I with 


(Al = <Pla, (B| = <Q|B, 
so that 4> =a|P>, |B = BQ). 
The result is 


(Q|Ba|P> = <PlaB|Q> = <Q|aB|P> 
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from (4). Since this holds for any |P> and <Q|, we can infer that 
Bi = of. (5) 


Thus the conjugate complex of the product of two linear operators equals 
the product of the conjugate complexes of the factors in the reverse order. 
As simple examples of this result, it should be noted that, if € and 
7 are real, in general €y is not real. This is an important difference 
from classical mechanics. However, &7-+-7€ is real, and so is 1(€y— né). 
Only when £ and 7 commute is &7 itself also real. Further, if £ is real, 
then so is é and, more generally, é” with n any positive integer. 

We may get the conjugate complex of the product of three linear 
operators by successive applications of the rule (5) for the conjugate 
complex of the product of two of them. We have 

apy = aly) = Bya = yp à, (6) 
so the conjugate complex of the product of three linear operators 
equals the product of the conjugate complexes of the factors in the 
reverse order. The rule may easily be extended to the product of any 
number of linear operators. 

In the preceding section we saw that the product |A><B| isa linear 
operator. We may get its conjugate complex by referring directly to 
the definition of the adjoint. Multiplying |A><B| into a general bra 
<P| we get <P|A><B|, whose conjugate imaginary ket is 

(P|A)|B) = <A|P)|B) = |B)<A|P). 
Hence |IAS<B| = |B)<A|. (7) 

We now have several rules concerning conjugate complexes and 
conjugate imaginaries of products, namely equation (7) of Chapter I, 
equations (4), (5), (6), (7) of this chapter, and the rule that the 
conjugate imaginary of <P|ais a|P>. These rules can all be summed 
up in a single comprehensive rule, the conjugate complex or conjugate 
imaginary of any product of bra vectors, ket vectors, and linear operators 
ts obtained by taking the conjugate complex or conjugate imaginary of 
each factor and reversing the order of all the factors. The rule is easily 
verified to hold quite generally, also for the cases not explicitly given | 
above. 


THEOREM. If € 1s a real linear operator and 
gm | P> = 0 (8) 
for a particular ket |P>, m being a positive integer, then 


EIPS = 0. 
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To prove the theorem, take first the case when m = 2. Equation 
(8) then gives PIEP = 0, 


showing that the ket £| P> multiplied by the conjugate imaginary bra 

<P |£ is zero. From the assumption (8) of Chapter I with £| P> for |A), 

we see that €|P> must be zero. Thus the theorem is proved for m = 2. 
Now take m > 2 and put 


em? P> = |Q). 
Equation (8) now gives EIQ = 0. 
Applying the theorem for m = 2, we get 
EIQ) = 0 
or Em—1| PY = 0, (9) 
By repeating the process by which equation (9) is obtained from 
(8), we obtain successively 


em IP) = 0, PY =0, .., EJP =0, €E|P> = 9, 


and so the theorem is proved generally. 


9. Eigenvalues and eigenvectors 
We must make a further development of the theory of linear 
operators, consisting in studying the equation 
alP>S = a| P>, (10) 
where « is a linear operator and a is a number. This equation usually 
presents itself in the form that « is a known linear operator and the 
number a and the ket | P> are unknowns, which we have to try to 
choose so as to satisfy (10), ignoring the trivial solution |P>) = 0. 
Equation (10) means that the linear operator « applied to the ket 
|P> just multiplies this ket by a numerical factor without changing 
its direction, or else multiplies it by the factor zero, so that it ceases 
to have a direction. This same « applied to other kets will, of course, 
in general change both their lengths and their directions. It should 
be noticed that only the direction of |P> is of importance in equation 
(10). Ifone multiplies |P> by any number not zero, it will not affect 
the question of whether (10) is satisfied or not. 
Together with equation (10), we should consider also the conjugate 
imaginary form of equation 
(Qla = b¢Q|, | (11) 


where b is a number. Here the unknowns are the number b and the 
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non-zero bra <Q]. Equations (10) and (11) are of such fundamental 
importance in the theory that it is desirable to have some special 
words to describe the relationships between the quantities involved. 
Tf (10) is satisfied, we shall call a an ergenvaluet of the linear operator 
œ, or of the corresponding dynamical variable, and we shall call | P> 
an ergenket of the linear operator or dynamical variable. Further, we 
shall say that the eigenket | P> belongs to the eigenvalue a. Similarly, 
if (11) is satisfied, we shall call b an eigenvalue of œ and <Q| an 
eigenbra belonging to this eigenvalue. The words eigenvalue, eigen- 
ket, eigenbra have a meaning, of course, only with reference to a linear 
operator or dynamical variable. 

Using this terminology, we can assert that, if an eigenket of « is 
multiplied by any number not zero, the resulting ket is also an 
eigenket and belongs to the same eigenvalue as the original one. 
It is possible to have two or more independent eigenkets of a linear 
operator belonging to the same eigenvalue of that linear operator, 
e.g. equation (10) may have several solutions, | P1), |P2)>, | P3),... say, 
all holding for the same value of a, with the various eigenkets |P1), 
|.P2», |P3>,... independent. In this case it is evident that any linear 
combination of the eigenkets is another eigenket belonging to the 
same eigenvalue of the linear operator, e.g. 


c1 |PI>-+-C, | P2>-+¢3 |P3>-+... 
is another solution of (10), where c}, Cz, C3,... are any numbers. 

In the special case when the linear operator « of equations (10) and 
(11) is a number, k say, it is obvious that any ket |P> and bra <Q| 
will satisfy these equations provided a and b equat k. Thus a number 
considered as a linear operator has just one eigenvalue, and any ket 
is an eigenket and any bra is an eigenbra, belonging to this eigenvalue. 

The theory of eigenvalues and eigenvectors of a linear operator a 
which is not real is not of much use for quantum mechanics. We 
shall therefore confine ourselves to real linear operators for the further 
development of the theory. Putting for « the real linear operator é, 
we have instead of equations (10) and (11) 


ELP) = a| P), (12) 
QE = bQ]. (13) 


t The word ‘proper’ is sometimes used instead of ‘eigen’, but this is not satisfactory 
as the words ‘proper’ and ‘improper’ are often used with other meanings. For example, 
in §3 15 and 46 the words ‘improper function’ and ‘proper-energy’ are used. 
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' Three important results can now be readily deduced. 
(i) The eigenvalues are all real numbers. To prove that a satisfying 
(12) is real, we multiply (12) by the bra <P| on the left, obtaining 


(P\g|P> = a¢P|P). 


Now from equation (4) with <B| replaced by <P| and « replaced by 
the real linear operator é, we see that the number <P|E| P> must be 
real, and from (8) of § 6, <P|P> must be real and not zero. Hence a 
is real. Similarly, by multiplying (13) by [Q> on the right, we can 
prove that b is real. 

Suppose we have a solution of (12) and we form the conjugate 
imaginary equation, which will read . 


(P\E = acP| 


in view of the reality of é and a. This conjugate imaginary equation 
now provides a solution of (13), with <Q| = <P| and b =a. Thus 
we can infer 

(ii) The eigenvalues associated with eigenkets are the same as the 
eigenvalues associated with eigenbras. 

(iii) The conjugate imaginary of any eigenket is an exgenbra belonging 
to the same eigenvalue, and conversely. This last result makes it reason- 
able to call the state corresponding to any eigenket or to the conjugate 
imaginary eigenbra an eigenstate of the real dynamical variable £. 

Eigenvalues and eigenvectors of various real dynamical variables 
are used very extensively in quantum mechanics, so it is desirable 
to have some systematic notation for labelling them. The following 
is suitable for most purposes. If £ is a real dynamical variable, we ` 
call its eigenvalues &’, é”, £, etc. Thus we have a letter by itself 
denoting a real dynamical variable or a real linear operator, and the 
same letter with primes or an index attached denoting a number, 
namely an eigenvalue of what the letter by itself denotes. An eigen- 
vector may now be labelled by the eigenvalue to which it belongs. 
Thus |é’ denotes an eigenket belonging to the eigenvalue é of the 
dynamical variable £. If in a piece of work we deal with more than 
one eigenket belonging to the same eigenvalue of a dynamical variable, 
we may distinguish them one from another by means of a further 
label, or possibly of more than one further labels. Thus, if we are 
dealing with two eigenkets belonging to the same eigenvalue of &’, 
we may call them |El) and |€’2). 
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THEOREM. Two eigenvectors of a real dynamical variable belonging 
to different eigenvalues are orthogonal. 


To prove the theorem, let |é’> and |é”> be two eigenkets of the real 


dynamical variable £, belonging to the eigenvalues £ and é” respec- 
tively. Then we have the equations 


EIE = EE, (14) 

E\E"> = é” |E”). (15) 
Taking the conjugate imaginary of (14), we get 

CEE = E°<E"|. 


Multiplying this by |€”> on the right gives 
CE IEIE > = EEE") 
and multiplying (15) by <é’| on the left gives 
CE EEN) = SPEED. 
Hence, subtracting, (E — ENKE E” = O, (16) 


showing that, if £’ ~ £", <é’|é"> = 0 and the two eigenvectors |é’> 
and |é”> are orthogonal. This theorem will be referred to as the 
orthogonality theorem. 

We have been discussing properties of the eigenvalues and eigen- 
vectors of a real linear operator, but have not yet considered the 
question of whether, for a given real linear operator, any eigenvalues 
and eigenvectors exist, and if so, how to find them. This question 
is in general very difficult to answer. There is one useful special case, 
however, which is quite tractable, namely when the rea] linear 
operator, é say, satisfies an algebraic equation 


P(E) = E"-+a, £"-1-+--0, £"-*+...+-4, = 0, (17) 
the coefficients a being numbers. This equation means, of course, 
that the linear operator 4(€) produces the result zero when applied 
to any ket vector or to any bra vecto1 


Let (17) be the simplest algebraic equation that ¢ satisfies. Then 
it will be shown that 


(x) The number of eigenvalues of é is n. 


(8) There are so many eigenkets of é that any ket whatever can 
be expressed as a sum of such eigenkets. 


The algebraic form ¢(£) can be factorized into n linear factors, the 
result being (é) = (€—c,)(E—cg)E—6).--(E—C,) (18) 
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say, the c’s being numbers, not assumed to be all different. This 
factorization can be performed with £ a linear operator just as well 
as with € an ordinary algebraic variable, since there is nothing 
occurring in (18) that does not commute with é. Let the quotient 
when ¢(€) is divided by (€—c,) be yx,(€), so that 
(£) == (E—c,)Xr(£) (r = 1,2,3,..., 2). 

Then, for any ket |P), 

(€—c,)x,(€)|P> = $(€)|P> = 0. (19) 
Now x,(€)|P> cannot vanish for every ket |P>, as otherwise x,(€) 
itself would vanish and we should have & satisfying an algebraic 
equation of degree n— 1, which would contradict the assumption that 
(17) is the simplest equation that é satisfies. If we choose |P> so that 
x,(€)|P> does not vanish, then equation (19) shows that x,(&)|P> is 
an eigenket of €, belonging to the eigenvalue c,. The argument holds 
for each value of r from 1 to n, and hence each of the c’s is an eigen- 
value of é. No other number can be an eigenvalue of £, since if £’ is 
any eigenvalue, belonging to an eigenket |g’), 

EIE > = fF > 

and we can deduce _—(£)|é"> = (ENIE), 
and since the left-hand side vanishes we must have ġ(¢') = 0. 

To complete the proof of («) we must verify that the c’s are all 
different. Suppose the c’s are not all different and c, occurs m times 
say, with m > 1. Then ¢(€) is of the form 

pé) = (——¢,)"0(), 
with (£) a rational integral function of £. Equation (17) now gives us 
(§—c,)"0(f)|A> = 0 (20) 
for any ket |A>. Since c, is an eigenvalue of € it must be real, so that 
é—c, is a real linear operator. Equation (20) is now of the same form 


as equation (8) with é—c, for € and 6(€)|A> for |P>. From the theorem 
connected with equation (8) we can infer that 


(€—c,)O(E)|A> = 0. 
Since the ket |A) is arbitrary, 
(€—c,)0(f) = 0, 
which contradicts the assumption that (17) is the simplest equation 


that £ satisfies. Hence the c’s are all different and (a) is proved. 
Let x,(c,) be the number obtained when c, is substituted for £ in 
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the algebraic expression y,(é). Since the c’s are all different, x,(c,) 
cannot vanish. Consider now the expression 


XMS) a, (21) 
= Xr(C,) 

If c, is substituted for é here, every term in the sum vanishes except 
the one for which r = s, since y,(£) contains («—c,) as a factor when 
r Æ s, and the term for which r = s is unity, so the whole expression 
vanishes. Thus the expression (21) vanishes when is put equal to 
any of the n numbers ¢,,¢g,...,¢,. Since, however, the expression 
is only of degree n—1 in é, it must vanish identically. If we now 
apply the linear operator (21) to an arbitrary ket |P> and equate — 
the result to zero, we get 


oo 
|P> = 2, xP. (22) 


Each term in the sum on the right here is, according to (19), an 
eigenket of é, if it does not vanish. Equation (22) thus expresses the 
arbitrary ket |P> as a sum of eigenkets of €, and thus (£) is proved. 

As a simple example we may consider a real linear operator o that 
satisfies the equation eel. (23) 


Then c has the two eigenvalues 1 and —1. Any ket |P> can be 
expressed as IP) = H1+o)|P)+4(1—o)|P). 
It is easily verified that the two terms on the right here are eigenkets 


of c, belonging to the eigenvalues 1 and —1 respectively, when they 
do not vanish. 


10. Observables 

We have made a number of assumptions about the way in which 
states and dynamical variables are to be represented mathematically 
in the theory. These assumptions are not, by themselves, laws of 
nature, but become laws of nature when we make some further 
assumptions that provide a physical interpretation of the theory. 
Such further assumptions must take the form of establishing con- 
nexions between the results of observations, on one hand, and the 
equations of the mathematical formalism ‘on the other. 

When we make an observation we measure some dynamical variable. 
It is obvious physically that the result of such a measurement must 
always be a real number, so we should expect that any dynamical 
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variable that we can measure must be a real dynamical variable. 
One might think one could measure a complex dynamical variable 
by measuring separately its real and pure imaginary parts. But this 
would involve two measurements or two observations, which would 
be all right in classical mechanics, but would not do in quantum 
mechanics, where two observations in general interfere with one 
another—it is not in general permissible to consider that two observa- 
tions can be made exactly simultaneously, and if they are made in 
quick succession the first will usually disturb the state of the system 
and introduce an indeterminacy that will affect the second. We 
therefore have to restrict the dynamical variables that we can 
measure to be real, the condition for this in quantum mechanics 
being as given in § 8. Not every real dynamical variable can be 
measured, however. A further restriction is needed, as we shall see 
later. 

We now make some assumptions for the physical interpretation of 
the theory. Jf the dynamical system is in an eigenstate of a real 
dynamical variable €, belonging to the eigenvalue &', then a measurement 
of € will certainly give as result the number £. Conversely, if the system 
ts in a state such that a measurement of a real dynamical variable £ is 
certain to give one particular result (instead of giving one or other of 
several possible results according to a probability law, as is in general 
the case), then the state is an eigenstate of € and the result of the measure- 
ment is the eigenvalue of E to which this eigenstate belongs. These 
assumptions are reasonable on account of the eigenvalues of real 
linear operators being always real numbers. 

Some of the immediate consequences of the assumptions will be 
noted. If we have two or more eigenstates of a real dynamical 
variable € belonging to the same eigenvalue é’, then any state 
formed by superposition of them will also be an eigenstate of £ 
belonging to the eigenvalue £. We can infer that if we have two or 
more states for which a measurement of é is certain to give the result 
é, then for any state formed by superposition of them a measurement 
of £ will still be certain to give the result £. This gives us some insight 
into the physical significance of superposition of states. Again, two 
eigenstates of € belonging to different eigenvalues are orthogonal. 
We can infer that two states for which a measurement of € is certain 
to give two different results are orthogonal. This gives us some 
insight into the physical significance of orthogonal states. 
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When we measure a real dynamical variable é, the disturbance 
involved in the act of measurement causes a jump in the state of the 
dynamical system. From physical continuity, if we make a second 
measurement of the same dynamical variable £ immediately after 
the first, the result of the second measurement must be the same as 
that of the first. Thus after the first measurement has been made, 
there is no indeterminacy in the result of the second. Hence, after 
the first measurement has been made, the system is in an eigenstate 
of the dynamical variable £, the eigenvalue it belongs to being equal 
to the result of the first measurement. This conclusion must still hold 
if the second measurement is not actually made. In this way we see 
that a measurement always causes the system to jump into an eigen- 
state of the dynamical variable that is being measured, the eigenvalue 
this eigenstate belongs to being equal to the result of the measure- 
ment. 

We can infer that, with the dynamical system in any state, any 
result of a measurement of a real dynamical variable is one of its eigen- 
values. Conversely, every eigenvalue is a possible result of a measure- 
ment of the dynamical variable for some state of the system, since it 1s 
certainly the result if the state is an eigenstate belonging to this 
eigenvalue. This gives us the physical significance of eigenvalues. 
The set of eigenvalues of a real dynamical variable are just the 
possible results of measurements of that dynamical variable and the 
calculation of eigenvalues is for this reason an important problem. 

Another assumption we make connected with the physical inter- 
pretation of the theory is that, if a certain real dynamical variabie 
Eis measured with the system in a particular state, the states into which 
the system may jump on account of the measurement are such that the 
original state is dependent on them. Now these states into which 
the system may jump are all eigenstates of é, and hence the original 
state is dependent on eigenstates of é. But the original state may be 
any state, so we can conclude that any state is dependent on eigen- 
states of £. If we define a complete set of states to be a set such that 
any state is dependent on them, then our conclusion can be formu- 
lated—the eigenstates of € form a complete set. 

Not every real dynamical variable has sufficient eigenstates to form 
a complete set. Those whose eigenstates do not form complete sets 
are not quantities that can be measured. We obtain in this way a 
further condition that a dynamical variable has to satisfy in order 
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that it shall be susceptible to measurement, in addition to the con- 
dition that it shall be real. We call a real dynamical variable whose 
eigenstates form a complete set an observable. Thus any quantity 
that can be measured is an observable. 

The question now presents itself—Can every observable be 
measured? The answer theoretically is yes. In practice it may be 
very awkward, or perhaps even beyond the ingenuity of the experi- 
menter, to devise an apparatus which could measure some particular 
observable, but the theory always allows one to imagine that the 
measurement can be made. 

Let us examine mathematically the condition for a real dynamical 
variable € to be an observable. Its eigenvalues may consist of a 
(finite or infinite) discrete set of numbers, or alternatively, they 
may consist of all numbers in a certain range, such as all numbers 
lying between a and 6. In the former case, the condition that 
any state is dependent on eigenstates of € is that any ket can 
be expressed as a sum of eigenkets of € In the latter case the 
condition needs modification, since one may have an integral instead 
of a sum, i.e. a ket |P> may be expressible as an integral of eigen- 


Res of $ P> = f IE ae (24) 


|é’) being an eigenket of € belonging to the eigenvalue é and the 
range of integration being the range of eigenvalues, as such a ket is 
dependent on eigenkets of €. Not every ket dependent on eigenkets 
of £ can be expressed in the form of the right-hand side of (24), since 
one of the eigenkets itself cannot, and more generally any sum of 
eigenkets cannot. The condition for the eigenstates of é to form a 
complete set must thus be formulated, that any ket |P> can be 
expressed as an integral plus a sum of eigenkets of £, i.e. 


P> = | ëo) dé'+ X lgd), (25) 


where the |€’c)>, |E"d> are all eigenkets of £, the labels c and d being 
inserted to distinguish them when the eigenvalues £ and £ are equal, 
and where the integral is taken over the whole range of eigenvalues 
and the sum is taken over any selection of them. If this condition 
is satisfied in the case when the eigenvalues of € consist of a range 
of numbers, then € is an observable. 

There is a more general case that sometimes occurs, namely the 


eigenvalues of € may consist of a range of numbers together with a 
3595.57 D 
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discrete set of numbers lying outside the range. In this case the 
condition that € shall be an observable is still that any ket shall be 
expressible in the form of the right-hand side of (25), but the sum 
over r is now a sum over the discrete set of eigenvalues as well as a 
selection of those in the range. 

It is often very difficult to decide mathematically whether a par- 
ticular real dynamical variable satisfies the condition for being an 
observable or not, because the whole problem of finding eigenvalues 
and eigenvectors is in general very difficult. However, we may have 
good reason on experimental grounds for believing that the dynamical 
variable can be measured and then we may reasonably assume that it 
is an observable even though the mathematical proof is missing. This is 
a thing we shall frequently do during the course of development of the 
theory, e.g. we shall assume the energy of any dynamical system to be 
always an observable, even though it is beyond the power of present- 
day mathematical analysis to prove it so except in simple cases. 

In the special case when the real dynamical variable is a number, 
every state is an eigenstate and the dynamical variable is obviously 
an observable. Any measurement of it always gives the same result, 
so it is Just a physical constant, like the charge on an electron. 
A physical constant in quantum mechanics may thus be looked upon 
either as an observable with a single eigenvalue or as a mere number 
appearing in the equations, the two points of view being equivalent. 

If the real dynamical variable satisfies an algebraic equation, then 
the result (8) of the preceding section shows that the dynamical 
variable is an observable. Such an observable has a finite number 
of eigenvalues. Conversely, any observable with a finite number of 
eigenvalues satisfies an algebraic equation, since if the observable é 
has as its eigenvalues €’, €”,..., €”, then 


(E—F)(E—£")... (E—E") |P> = 0 
holds for |P> any eigenket of £, and thus it holds for any |P) what- 


ever, because any ket can be expressed as a sum of eigenkets of ¿é 
on account of € being an observable. Hence 


(E—€')(E—€")...(E—E") = 0. (26) 
As an example we may consider the linear operator |A)<A|, where 


|A> is a normalized ket. This linear operator is real according to (7), 
and its square is 


{LACA I} = |A><AAD<A| = [AD<AT (27) 
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since <A|A> = 1. Thus its square equals itself and so it satisfies an 
algebraic equation and is an observable. Its eigenvalues are 1 and 0, 
with |A> as the eigenket belonging to the eigenvalue 1 and all kets 
orthogonal to |A> as eigenkets belonging to the eigenvalue 0. A 
measurement of the observable thus certainly gives the result 1 if 
the dynamical system is in the state corresponding to |A> and the 
result 0 if the system is in any orthogonal state, so the observable 
may be described as the quantity which determines whether the 
system is in the state |A> or not. 

Before concluding this section we should examine the conditions 
for an integral such as occurs in (24) to be significant. Suppose |X) 
and | Y> are two kets which can be expressed as integrals of eigenkets 
of the observable &, 


X> = f ëd, P> = | ley de”, 


x and y being used as labels to distinguish the two integrands. Then 
we have, taking the conjugate imaginary of the first equation and 
multiplying by the second 


(X|¥> = | f Ezy dge". (28) 
Consider now the single integral 
f EzE yy ae. (29) 


From the orthogonality theorem, the integrand here must vanish 
over the whole range of integration except the one point £ = &’. 
If the integrand is finite at this point, the integral (29) vanishes, and 
if this holds for all £’, we get from (28) that <X| Y> vanishes. Now 
in general <X| Y> does not vanish, so in general <€’x|é’y> must be 
infinitely great in such a way as to make (29) non-vanishing and 
finite. The form of infinity required for this will be discussed in § 15. 

In our work up to the present it has been implied that our bra and 
ket vectors are of finite length and their scalar products are finite. 
We see now the need for relaxing this condition when we are dealing 
with eigenvectors of an observable whose eigenvalues form a range. 
If we did not relax it, the phenomenon of ranges of eigenvalues could 
not occur and our theory would be too weak for most practical 
problems. 
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Taking | Y> = |X) above, we get the result that in general <£’x|é’x) 
is infinitely great. We shall assume that if |¢’x) 4 0 


f <éxlg"a> dé” > 0, (30) 


as the axiom corresponding to (8) of §6 for vectors of infinite 
length. 

The space of bra or ket vectors when the vectors are restricted to 

be of finite length and to have finite scalar products is called by 

mathematicians a Hilbert space. The bra and ket vectors that we 

now use form a more general space than a Hilbert space. 

We can now see that the expansion of a ket |P) in the form of the 
right-hand side of (25) is unique, provided there are not two or more 
terms in the sum referring to the same eigenvalue. To prove this 
result, let us suppose that two different expansions of |P> are pos- 
sible. Then by subtracting one from the other, we get an equation 


of the form 0 = Í t'ay dé’ + 2 |ESbS, (31) 


a and b being used as new labels for the eigenvectors, and the sum 
over s including all terms left after the subtraction of one sum from 
the other. If there is a term in the sum in (31) referring to an eigen- 
value & not in the range, we get, by multiplying (31) on the left by 
<b| and using the orthogonality theorem, 


0 = <£b|&b», 
which contradicts (8) of § 6. Again, if the integrand in (31) does not 
vanish for some eigenvalue é” not equal to any é occurring in the 
sum, we get, by multiplying (31) on the left by <é”a| and using the 
orthogonality theorem, 

0 = f alg'a de’, 
which contradicts (30). Finally, if there is a term in the sum in (31) 


referring to an eigenvalue & in the range, we get, multiplying (31) on 
the left by <€5|, 


0 = | <eb|g'a> de’ +<£5|e) (32) 
and multiplying (31) on the left by <&a| 
0 = f Calta dé’ +ga lgb). (33) 


Now the integral in (33) is finite, so (&a|&> is finite and <&b|Ea> is 
finite. The integral in (32) must then be zero, so <&b|&b> is zero and 
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we again have a contradiction. Thus every term in (31) must vanish 
and the expansion of a ket |P> in the form of the right-hand side of 
(25) must be unique. 


11. Functions of observables 

Let £ be an observable. We can multiply it by any real number k 
and get another observable ké. In order that our theory may be 
self-consistent it is necessary that, when the system is in a state such 
that a measurement of the observable £ certainly gives the result €’, 
a measurement of the observable ké shall certainly give the result ké’. 
It is easily verified that this condition is fulfilled. The ket correspond- 
ing to a state for which a measurement of £ certainly gives the result 
€’ is an eigenket of £, |£ say, satisfying 


gle> = ef. 


kEE S = ke |E’), 

showing that |£’> is an eigenket of ké belonging to the eigenvalue k£’, 
and thus that a measurement of ké will certainly give the result ké’. 

More generally, we may take any real function of £, f(E) say, and 
consider it as a new observable which is automatically measured 
whenever é is measured, since an experimental determination of the 
value of € also provides the value of f(é). We need not restrict f(é) to 
be real, and then its real and pure imaginary parts are two observables 
which are automatically measured when £ is measured. For the theory 
to be consistent it is necessary that, when the system is in a state 
such that a measurement of £ certainly gives the result £’, a measure- 
ment of the real and pure imaginary parts of f(€) shall certainly give 
for results the real and pure imaginary parts of f(£’). In the case when 
f(E) is expressible as a power series 


FE) = Cyt ce, E+ Cy EH cg B+ ..., 

the c’s being numbers, this condition can again be verified by elemen- 
tary algebra. In the case of more general functions f it may not be 
possible to verify the condition. The condition may then be used to 
define f(£), which we have not yet defined mathematically. In this 
way we can get a more general definition of a function of an observ- 
able than is provided by power series. 

We define f(€) in general to be that linear operator which satisfies 


FEES = FENE (34) 


This equation leads to 
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for every eigenket |£’> of £, f(E’) being a number for each eigenvalue £’. 
It is easily seen that this definition is self-consistent when applied to 
eigenkets |’) that are not independent. If we have an eigenket |g’ A) 
dependent on other eigenkets of £, these other eigenkets must all 
belong to the same eigenvalue €’, otherwise we should have an equa- 
tion of the type (31), which we have seen is impossible. On multiplying 
the equation which expresses |é’A> linearly in terms of the other 
eigenkets of é by f(€) on the left, we merely multiply each term in it 
by the number f(é’), so we obviously get a consistent equation. 
Further, equation (34) is sufficient to define the linear operator f(£) 
completely, since to get the result of f(£) multiplied into an arbitrary 
ket |P>, we have only to expand |P> in the form of the right-hand 
side of (25) and take 


AlEIPY = [ENEO dE + EREE. (35) 


The conjugate complex: f(E) of f(£) is defined by the conjugate 
imaginary equation to (34), namely 
Ce1fE) = KENE, 


holding for any eigenbra <é’|, f(t’) being the conjugate complex 
function to f(é’). Let us replace é here by é and multiply the 
equation on the right by the arbitrary ket |P>. Then we get, using 
the expansion (25) for |P), 


CEIA IPY = FEE" P> 
= [JEKE IEO dë + EREKE IED 


= Í FEKE IEO dE HAEE Ed) (36) 


with the help of the orthogonality theorem, <&"|&’d> being under- 
stood to be zero if £” is not one of the eigenvalues to which the terms 
in the sum in (25) refer. Again, putting the conjugate complex 
function f(£’) for f(g’) in (35) and multiplying on the left by <é"|, 
we get 


CEUFEIPD = [FEKE Eo dE +FEKE IEA). 


The right-hand side here equals that of (36), since the integrands 
vanish for &’ ~ £”, and hence 


CENFE|PD = <E" IJ (EPY. 
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This holds for <€”| any eigenbra and |P» any ket, so 
«FO =F. (37) 


Thus the conjugate complex of the linear operator f(E) is the conjugate 
complex function f of £. 

It follows as a corollary that if f(E) is a real function of £’, f(E) is 
a real linear operator. f(E) is then also an observable, since its 
eigenstates form a complete set, every eigenstate of £ being also an 
eigenstate of f(€). 

With the above definition we are able to give a meaning to any 
function f of an observable, provided only that the domain of existence 
of the function of a real variable f(x) includes all the eigenvalues of the 
observable. If the domain of existence contains other points besides 
these eigenvalues, then the values of f(x) for these other points will 
not affect the function of the observable. The function need not be 
analytic or continuous. The eigenvalues of a function f of an observ- 
able are just the function f of the eigenvalues of the observable. 

It is important to observe that the possibility of defining a function 
f of an observable requires the existence of a unique number f(x) for 
each value of x which is an eigenvalue of the observable. Thus the 
function f(x) must be single-valued. This may be illustrated by con- 
sidering the question: When we have an observable f(A) which is a 
real function of the observable A, is the observable A a function of 
the observable f(A)? The answer to this is yes, if different eigenvalues 
A’ of A always lead to different values of f(A’). If, however, there 
exist two different eigenvalues of A, A’ and A” say, such that 
f(A’) = f(A"), then, corresponding to the eigenvalue f(A’) of the 
observable f(A), there will not be a unique eigenvalue of the observ- 
able A and the latter will not be a function of the observable f(A). 

It may easily be verified mathematically, from the definition, that 
the sum or product of two functions of an observable is a function 
of that observable and that a function of a function of an observable 
is a function of that observable. Also it is easily seen that the whole 
theory of functions of an observable is symmetrical between bras and 
kets and that we could equally well work from the equation 

COUPE) = FENKE (38) 
instead of from (34). 

We shall conclude this section with a discussion of two examples 

which are of great practical importance, namely the reciprocal and 
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the square root. The reciprocal of an observable exists if the observ- 
able does not have the eigenvalue zero. If the observable a does not 
have the eigenvalue zero, the reciprocal observable, which we call œ~? 


or l/æ, will satisfy alo’) = aija’, | (39) 


where |a’) is an eigenket of « belonging to the eigenvalue a’. Hence 
xaTa > = aa tja = |o. 
Since this holds for any eigenket |«’>, we must have 
xat = l. (40) 
Similarly, ate = l. (41) 
Either of these equations is sufficient to determine œ~! completely, 


provided « does not have the eigenvalue zero. To prove this in the 
case of (40), let x be any linear operator satisfying the equation 


ax = | 
and multiply both sides on the left by the a-! defined by (39). The 


result is 41 4 
alee = g 


and hence from (41) £ = at. 


Equations (40) and (41) can be used to define the reciprocal, when 
it exists, of a general linear operator «, which need not even be real. 
' One of these equations by itself is then not necessarily sufficient. If 
any two linear operators « and 8 have reciprocals, their product af 


has the reciprocal (o8)-2 = Blo, (42) 
obtained by taking the reciprocal of each factor and reversing their 
order. We verify (42) by noting that its right-hand side gives unity 


when multiplied by aß, either on the right or on the left. This reci- 
procal law for products can be immediately extended to more than 


two factors, i.e., (aby...) = ey Bote}, 
The square root of an observable « always exists, and is real if « 
has no negative eigenvalues. We write it va or a?. It satisfies 
Volo’) = vo'la’, (43) 
lx’S being an eigenket of œ belonging to the eigenvalue «’. Hence 
Navala’ > = Vora! la’) = o'la = ala’, 
and since this holds for any eigenket |a’ we must have 
Vava = a. (44) 
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On account of the ambiguity of sign in (43) there will be several 
square roots. To fix one of them we must specify a particular sign 
in (43) for each eigenvalue. This sign may vary irregularly from one 
eigenvalue to the next and equation (43) will always define a linear 
operator va satisfying (44) and forming a square-root function of a. 
If there is an eigenvalue of æ with two or more independent eigenkets 
belonging to it, then we must, according to our definition of a func- 
tion, have the same sign in (43) for each of these eigenkets. If we 
took different signs, however, equation (44) would still hold, and hence 
equation (44) by itself is not sufficient to define Va, except in the 
special case when there is only one independent eigenket of « belong- 
ing to any eigenvalue. | 

The number of different square roots of an observable is 2”, where 
n is the total number of eigenvalues not zero. In practice the square- 
root function is used only for observables without negative eigen- 
values and the particular square root that is useful is the one for 
which the positive sign is always taken in (43). This one will be called 
the positive square root. 


12. The general physical interpretation 

The assumptions that we made at the beginning of § 10 to get a 
physical interpretation of the mathematical theory are of a rather 
special kind, since they can be used only in connexion with eigen- 
states. We need some more general assumption which will enable us 
to extract physical information from the mathematics even when we 
are not dealing with eigenstates. 

In classical mechanics an observable always, as we say, ‘has a 
value’ for any particular state of the system. What is there in quan- 
tum mechanics corresponding to this? If we take any observable £ 
and any two states x and y, corresponding to the vectors <x| and |y>, 
then we can form the number <x|é|y>. This number is not very 
closely analogous to the value which an observable can ‘have’ in the 
classical theory, for three reasons, namely, (i) it refers to two states 
of the system, while the classical value always refers to one, (ii) it is 
in general not a real number, and (iii) it is not uniquely determined 
by the observable and the states, since the vectors <x| and |y> contain 
arbitrary numerical factors. Even if we impose on <x| and |y> the 
condition that they shall be normalized, there will still be an undeter- 
mined factor of modulus unity in <x|€|y>. These three reasons cease 
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to apply, however, if we take the two states to be identical and |y> 
to be the conjugate imaginary vector to <x|. The number that we 
then get, namely <x|&|x>, is necessarily real, and also it is uniquely 
determined when <x] is normalized, since if we multiply <æ| by the 
numerical factor e*, c being some real number, we must multiply 
l> by e-* and <z|é|xy will be unaltered. 

One might thus be inclined to make the tentative assumption that 
the observable £ ‘has the value’ <x|é|z> for the state x, in a sense 
analogous to the classical sense. This would not be satisfactory, 
though, for the following reason. Let us take a second observable n, 
which would have by the above assumption the value <x|y|x> for 
this same state. We should then expect, from classical analogy, that 
for this state the sum of the two observables would have a value 
equal to the sum of the values of the two observables separately and 
the product of the two observables would have a value equal to the 
product of the values of the two observables separately. Actually, the 
tentative assumption would give for the sum of the two observables 
the value <x|€+7|x>, which is, in fact, equal to the sum of <x|&|x> 
and <x|n|z>, but for the product it would give the value <x|éy|x> 
or <x|n€|x>, neither of which is connected in any simple way with 
<a|é|x> and zine). | 

However, since things go wrong only with the product and not with 
the sum, it would be reasonable to call <x|&|xz> the average value of 
the observable £ for the state x. This is because the average of the 
sum of two quantities must equal the sum of their averages, but the 
average of their product need not equal the product of their averages. 
We therefore make the general assumption that if the measurement 
of the observable € for the system in the state corresponding to |x» is 
made a large number of times, the average of all the results obtained will 
be <x|E|xz>, provided |x> is normalized. If |x> is not normalized, as is 
necessarily the case if the state x is an eigenstate of some observable 
belonging to an eigenvalue in a range, the assumption becomes that 
the average result of a measurement of £ is proportional to <x|E|z). 
This general assumption provides a basis for a general physical inter- 
pretation of the theory. 

The expression that an observable ‘has a particular value’ for a 
particular state is permissible in quantum mechanics in the special 
case when a measurement of the observable is certain to lead to the 
particular value, so that the state is an eigenstate of the observable. 
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It may easily be verified from the algebra that, with this restricted 
meaning for an observable ‘having a value’, if two observables have 
values for a particular state, then for this state the sum of the two 
observables (if this sum is an observabley) has a value equal to the 
sum of the values of the two observables separately and the product 
of the two observables (if this product is an observablef) has a value 
equal to the product of the values of the two observables separately. 

In the general case we cannot speak of an observable having a value 
for a particular state, but we can speak of its having an average value 
for the state.‘ We can go further and speak of the probability of its 
having any specified value for the state, meaning the probability of 
this specified value being obtained when one makes a measurement of 
the observable. This probability can be obtained from the general 
assumption in the following way. 

Let the observable be £ and let the state correspond to the normal- 
ized ket |z>. Then the general assumption tells us, not only that the 
average value of é is <x|E|a>, but also that the average value of any 
function of é, f(E) say, is <x] f(E) x>. Take f(£) to be that function of £é 
which is equal to unity when £ = a, a being some real number, and 
zero Otherwise. This function of é has a meaning according to our 
general theory of functions of an observable, and it may be denoted 
by 8,, in conformity with the general notation of the symbol 6 with 
two suffixes given on p. 62 (equation (17)). The average value of 
this function of £ is just the probability, P, say, of £ having the value 


a. Thus P, = (a|8eq|2). (45) 


If a is not an eigenvalue of £, 5:, multiplied into any eigenket of £ is 
zero, and hence 6g, = 0 and FP, = 0. This agrees with a conclusion 
of § 10, that any result of a measurement of an observable must be 
one of its eigenvalues. | 
Lf the possible results of a measurement of £ form a range of num- 
bers, the probability of € having exactly a particular value will be 
zero in most physical problems. The quantity of physical importance 
is then the probability of € having a value within a small range, say 
from a to a+da. This probability, which we may call P(a) da, is 
t This is not obviously so, since the sum may not have sufficient eigenstates to 


form a complete set, in which case the sum, considered as a single quantity, would 


not be measurable. 
t Here the reality condition may fail, as well as the condition for the eigenstates 


to form a complete set. 
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equal to the average value of that function of € which is equal to 
unity for é lying within the range a to a+da and zero otherwise. 
This function of £ has a meaning according to our general theory of 
functions of an observable. Denoting it by x(&), we have 


P(a) da = <a|x(€)|x>. (46) 
If the range a to ada does not include any eigenvalues of £, we 
have as above y(€) = 0 and P(a) = 0. If |z> is not normalized, the 
right-hand sides of (45) and (46) will still be proportional to the 
probability of é having the value a and lying within the range a to 
a+da respectively. 

The assumption of § 10, that a measurement of € is certain to give 
the result &’ if the system is in an eigenstate of € belonging to the 
eigenvalue é’, is consistent with the general assumption for physical 
interpretation and can in fact be deduced from it. Working from the 
general assumption we see that, if |é’> is an eigenket of € belonging 
to the eigenvalue £’, then, in the case of discrete eigenvalues of £, 


be, ED = 0 unless a= £, 
and in the case of a range of eigenvalues of é 
y(€)|E> = 0 unless the range a to a+da includes $’. 


In either case, for the state corresponding to |é», the probability of 
€ having any value other than ’ is zero. 

An eigenstate of é belonging to an eigenvalue €’ lying in a range 
is a state which cannot strictly be realized in practice, since it would 
need an infinite amount of precision to get é to equal exactly £’. 
The most that could be attained in practice would be to get £ to lie 
within a narrow range about the value £. The system would then 
be in a state approximating to an eigenstate of é. Thus an eigenstate 
belonging to an eigenvalue in a range is a mathematical idealization 
of what can be attained in practice. All the same such eigenstates 
play a very useful role in the theory and one could not very well do 
without them. Science contains many examples of theoretical con- 
cepts which are limits of things met with in practice and are useful 
for the precise formulation of laws of nature, although they are not 
realizable experimentally, and this is just one more of them. It may 
be that the infinite length of the ket vectors corresponding to these 
eigenstates is connected with their unrealizability, and that all realiz- 
able states correspond to ket vectors that can be normalized and that 
form a Hilbert space. 
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13. Commutability and compatibility 

A state may be simultaneously an eigenstate of two observables. 
If the state corresponds to the ket vector |A> and the observables are 
é and 7, we should then have the equations 


A> = &|A4), 

nA) = 74), 
where £ and 7’ are eigenvalues of € and y respectively. We can now 
deduce 

En|A> = §9'|A> = €'n'|A> = €'n|A> = ngA) = fA), 
or (Eq—nf)|A) = 0. 
This suggests that the chances for the existence of a simultaneous 
eigenstate are most favourable if £y7—7é = 0 and the two observables 
commute. If they do not commute a simultaneous eigenstate is not 
impossible, but is rather exceptional. On the other hand, if they do 
commute there exist so many simultaneous eigenstates that they form a 
complete set, as will now be proved. 
Let £ and 7 be two commuting observables. Take an eigenket of - 

n, |n’> say, belonging to the eigenvalue 7’, and expand it in terms 
of eigenkets of £ in the form of the right-hand side of (25), thus 


m = f Eao de + F End. (47) 


The eigenkets of € on the right-hand side here have y’ inserted in 
them as an extra label, in order to remind us that they come from 
the expansion of a special ket vector, namely |7’>, and not a general 
one as in equation (25). We can now show that each of these eigen- 
kets of € is also an eigenket of ņn belonging to the eigenvalue 7’. We 
have 


0 = (n—n')In'> = f Eno de +E (End> (48) 
Now the ket (y—7’)|&"'d> satisfies : 
E(q—7')|E'n'd> = (n— 1'E En d> = (n'hel En d> 
= &(q—7 ln d>, 
showing that it is an eigenket of € belonging to the eigenvalue €’, 
and similarly the ket (y—7’)|&’n‘c> is an eigenket of £ belonging to 


the eigenvalue £. Equation (48) thus gives an integral plus a sum 
of eigenkets of é equal to zero, which, as we have seen with equation 
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(31), is impossible unless the integrand and every term in the sum 
vanishes. Hence 
(n—7)|E'7'c>) = 0, — (n—7')|&"n'd> = 0, 

so that all the kets appearing on the right-hand side of (47) are 
eigenkets of ņ as well as of £. Equation (47) now gives |n’> expanded 
in terms of simultaneous eigenkets of é and 7. Since any ket can be 
expanded in terms of eigenkets |7’> of y, it follows that any ket can 
be expanded in terms of simultaneous eigenkets of £ and 7, and thus 
the simultaneous eigenstates form a complete set. 

The above simultaneous eigenkets of é and n, |&’n’c> and |&"7’d), 
are labelled by the eigenvalues £ and 7’, or £ and 7’, to which they 
belong, together with the labels c and d which may also be necessary. 
The procedure of using eigenvalues as labels for simultaneous eigen- 
vectors will be generally followed in the future, just as it has been 
followed in the past for eigenvectors of single observables. 

The converse to the above theorem says that, if E and n are two 
observables such that their sumultaneous eigenstates form a complete set, 
then € and n commute. To prove this, we note that, if |> is a 
simultaneous eigenket belonging to the eigenvalues £ and 7’, 

(én— né) lë n> = (EI —V EVE n> = 0. (49) 
Since the simultaneous eigenstates form a complete set, an arbitrary 
ket |P> can be expanded in terms of simultaneous eigenkets |£’), 
for each of which (49) holds, and hence 
(En— ng) P> = 0 
and so En—n& = 0. 

The idea of simultaneous eigenstates may be extended to more 
than two observables and the above theorem and its converse still 
hold, i.e. if any set of observables commute, each with all the others, 
their simultaneous eigenstates form a complete set, and conversely. 
The same arguments used for the proof with two observables are 
adequate for the general case; e.g., if we have three commuting 
observables £, 7, 6, we can expand any simultaneous eigenket of & 
and 7 in terms of eigenkets of £ and then show that each of these 
eigenkets of ¢ is also an eigenket of é and of 7. Thus the simultaneous 
eigenket of £ and 7 is expanded in terms of simultaneous eigenkets 
of £, n, and £, and since any ket can be expanded in terms of simul- 
taneous eigenkets of é and 7, it can also be expanded in terms of 
simultaneous eigenkets of £, 7, and ¢. 
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The orthogonality theorem applied to simultaneous eigenkets tells 
us that two simultaneous eigenvectors of a set of commuting observ- 
ables are orthogonal if the sets of eigenvalues to which they belong 
differ in any way. 

Owing to the simultaneous eigenstates of two or more commuting 
observables forming a complete set, we can set up a theory of func- 
tions of two or more commuting observables on the same lines as the 
theory of functions of a single observable given in § 11. If é, 1, &.... 
are commuting observables, we define a general function f of them 
to be that linear operator f(é, n, ¢,...) which satisfies 


FE, n, 95-0) 1S" = ET, 0, IE ED, (50) 
where |£'7'C’...> is any simultaneous eigenket of €, 7, ¢,... belonging 
to the eigenvalues &',7’,¢’,..... Here f is any function such that 


f(a, b,c,...) is defined for all values of a, b,c,... which are eigenvalues 
of €,7,¢,... respectively. As with a function of a single observable 
defined by (34), we can show that f(E, n, ¢,...) is completely deter- 
mined by (50), that 
FE n, 8--) = FE, m 8), 

en yin to (37), and that if f(a,b,c,...) is a real function, 
F(E, , ¢,..-) is real and is an observable. 

Wee can now proceed to generalize the results (45) and (46). Given 
a set of commuting observables £, n, f,..., we may form that function 
of them which is equal to unity when £ = a, n = b,f = ©...., a,0,¢.... 
being real numbers, and is equal to zero when any of these conditions 
is not fulfilled. This function may be written 52, ôb Store and is in 
fact just the product in any order of the factors 5z,, 5,,,57,)-.- defined 
as functions of single observables, as may be seen by substituting this 
product for f(E, 7, ¢,...) in the left-hand side of (50). The average 
value of this function for any state is the probability, Pipe.. say, of 
f,7,¢,... having the values a,b, c,... respectively for that state. Thus 
if the state corresponds to the normalized ket vector |x>, we get from 
our general assumption for physical interpretation 

Pave... = = CE |ò ta Opp Szo- lE “>. (51) 

P se.. is zero unless each of the numbers a,),c,... is an eigenvalue of 
the corresponding observable. If any of the numbers a, b,c,... is an 


eigenvalue in a range of eigenvalues of the corresponding observable, 


Poe. will usually again be zero, but in this case we ought to replace 
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the requirement that this observable shall have exactly one value by 
the requirement that it shall have a value lying within a small range, 
which involves replacing one of the 6 factors in (51) by a factor like 
the y(€) of equation (46). On carrying out such a replacement for 
each of the observables £, ņ, ¢,..., whose corresponding numerical 
value a, b, ¢,... lies in a range of eigenvalues, we shall get a proba- 
bility which does not in general vanish. 

If certain observables commute, there exist states for which they all 
have particular values, in the sense explained at the bottom of p. 46, 
namely the simultaneous eigenstates. Thus one can give a meaning to 
several commuting observables having values at the same time. Further, we 
see from (51) that for any state one can give a meaning to the probability 
of particular results being obtained for simultaneous measurements of 
several commuting observables. This conclusion is an important new 
development. In general one cannot make an observation on a 
system in a definite state without disturbing that state and spoiling 
it for the purposes of a second observation. One cannot then give 
any meaning to the two observations being made simultaneously. 
The above conclusion tells us, though, that in the special case when 
the two observables cominute, the observations are to be considered 
as non-interfering or compatible, in such a way that one can give a 
meaning to the two observations being made simultaneously and can 
discuss the probability of any particular results being obtained. The 
two observations may, in fact, be considered as a single observation 
of a more complicated type, the result of which is expressible by two 
numbers instead of a single number. From the point of view of generat 
theory, any two or more commuting observables may be counted as a 
single observable, the result of a measurement of which consists of two or 
more numbers. The states for which this measurement is certain to 
lead to one particular result are the simultaneous eigenstates. 


iil 
REPRESENTATIONS 


14, Basic vectors 

In the preceding chapters we set up an algebraic scheme involving 
certain abstract quantities of three kinds, namely bra vectors, ket 
vectors, and linear operators, and we expressed some of the funda- 
mental laws of quantum mechanics in terms of them. It would be 
possible to continue to develop the theory in terms of these abstract 
quantities and to use them for applications to particular problems. 
However, for some purposes it is more convenient to replace the 
abstract quantities by sets of numbers with analogous mathematical 
properties and to work in terms of these sets of numbers. The proce- 
dure is similar to using coordinates in geometry, and has the advan- 
tage of giving one greater mathematical power for the solving of 
particular problems. 

The way in which the abstract quantities are to be replaced by 
numbers is not unique, there being many possible ways corresponding 
to the many systems of coordinates one can have in geometry. Hach 
of these ways is called a representation and the set of numbers that 
replace an abstract quantity is called the representative of that 
abstract quantity in the representation. Thus the representative of 
an abstract quantity corresponds to the coordinates of a geometrical 
object. When one has a particular problem to work out in quantum 
mechanics, one can minimize the labour by using a representation 
in which the representatives of the more important abstract quanti- 
ties occurring in that problem are as simple as possible. 

To set up a representation in a general way, we take a complete 
set of bra vectors, i.e. a set such that any bra can be expressed 
linearly in terms of them (as a sum or an integral or possibly an 
integral plus a sum). These bras we call the basic bras of the repre- 
sentation. They are sufficient, as we shall see, to fix the representation 
completely. 

Take any ket |a> and form its scalar product with each of the basic 
bras. The numbers so obtained constitute the representative of ja). 
They are sufficient to determine the ket |a completely, since if there 
is a second ket, |a,> say, for which these numbers are the same, the 


difference |a>—|a,> will have its scalar product with any basic bra 
3595.57 E 
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vanishing, and hence its scalar product with any bra whatever will 
vanish and. |a>— |a,> itself will vanish. 

We may suppose the basic bras to be labelled by one or more 
parameters, A,, Aq,...,A,,, each of which may take on certain numerical 
values. The basic bras will then be written <A, A,...A,,| and the repre- 
sentative of |a) will be written CÀ Ag...A,,|a>. This representative will 
now consist of a set of numbers, one for each set. of values that 
Ài Ào Ay may have in their respective domains. Such a set of 
numbers just forms a function of the variables À}, A,,...,A,,-. Thus the 
representative of a ket may be looked upon either as a set of numbers 
or as a function of the variables used to label the basic bras. 

If the number of independent states of our dynamical system is 
finite, equal to n say, it is sufficient to take n basic bras, which may 
be labelled by a single parameter A taking on the values 1, 2, 3,..., n. 
The representative of any ket |a now consists of the set of n numbers 
<lla>, <2]a>, <3|a>,..., <n|a>, which are precisely the coordinates of 
the vector |a> referred to a system of coordinates in the usual way. 
The idea of the representative of a ket vector is just a generalization 
of the idea of the coordinates of an ordinary vector and reduces to 
the latter when the number of dimensions of the space of the ket 
vectors is finite. 

In a general representation there is no need for the basic bras to 
be all independent. In most representations used in practice, how- 
ever, they are all independent, and also satisfy the more stringent 
condition that any two of them are orthogonal. The representation 
is then called an orthogonal representation. 

Take an orthogonal representation with basic bras <A, A¢...A,|; 
labelled by parameters A,, Ag,...,A,, whose domains are all real. Take 
a ket |a) and form its representative <A, Àz... „la>. Now form the 
numbers À CÀ Àz... la> and consider them as the representative of 
a new ket |b>. This is permissible since the numbers forming the 
representative of a ket are independent, on account of the basic bras 
being independent. The ket |5> is defined by the equation 


Ay Age Aul = ALKA, Ag...A,,|@. 
The ket |b> is evidently a linear function of the ket |a), so it may 


be considered as the result of a linear operator applied to ja). Calling 
this linear operator D,, we have 


lb = L, la> 
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and hence (A, Aa. An | Ly |a> = ALA, Ag. A, |@- 
This equation holds for any ket |a>, so we get 
(Ay Age Ay [Ly = ALCA Ag. A, | (1) 


Equation (1) may be looked upon as the definition of the linear 
operator L,. It shows that each basic bra is an eigenbra of L,, the 
value of the parameter A, being the eigenvalue belonging to tt. 

From the condition that the basic bras are orthogonal we can 
deduce that L is real and is an observable. Let A, Aj,...,A;, and 
Ni Àa- A, be two sets of values for the parameters ,,Ag,...,A,- 
We have, putting A’’s for the A’s in (1) and multiplying on the right 
by |Ajg...A,>, the conjugate imaginary of the basic bra <A; 3...Aq|, 

OX Ag Ay Lg [AK Agea ADD = ALA AG. ATAT AZ.. AD. 
Interchanging A’’s and A”’s, 

Aq Age Au Ly [Ay Age A> == ATCAT AG. A [AL Ag. AD- 
On account of the basic bras being orthogonal, the right-hand sides 
here vanish unless à; = A, for all r from 1 to u, in which case the 
right-hand sides are equal, and they are also real, A, being real. Thus, 
whether the A”’s are equal to the A’’s or not, 

ALAA La ALAS AG) = OA MeL ge Ma 

= OX Nady | EIA. AD 

from equation (4) of § 8. Since the <A, A,...X/,|’s form a complete set 
of bras and the |A[A...A,>’s form a complete set of kets, we can 
infer that L, = L. The further condition required for L, to be an 
observable, namely that its eigenstates shall form a complete set, is 
obviously satisfied since it has as s eigenbras the basic bras, which 
form a complete set. 

We can similarly introduce linear operators La, Ls,...,L, by multi- 
plying <A, A...A,|a> by the factors Àg, As,...,,, in turn and considering 
the resulting sets of numbers as representatives of kets. Each of these 
L’s can be shown in the same way to have the basic bras as eigenbras 
and to be real and an observable. The basic bras are simultaneous 
eigenbras of all the L’s. Since these simultaneous eigenbras form a 
complete set, it follows from a theorem of §13 that any two of the 
L’s commute. 

It will now be shown that, if é, &,...,&, are any set of commuting 
observables, we can set up an orthogonal representation in which the basic 
bras are simultaneous eigenbras of €,, Ez,- Eu. Let us suppose first that 
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there is only one independent simultaneous eigenbra of é, 5,...,&y 
belonging to any set of eigenvalues é, &,...,€,. Then we may take 
these simultaneous eigenbras, with arbitrary numerical coefficients, as 
our basic bras. They are all orthogonal on account of the orthogonality 
theorem (any two of them will have at least one eigenvalue different, 
which is sufficient to make them orthogonal) and there are sufficient 
of them to form a complete set, from a result of §13. They may 
conveniently be labelled by the eigenvalues £, &,..., &, to which they 
belong, so that one of them is written <4 &...€,|. 

Passing now to the general case when there are several independent 
simultaneous eigenbras of &,, &,,..., €,, belonging to some sets of eigen- 
values, we must pick out from all the simultaneous eigenbras belong- 
ing to a set of eigenvalues £}, &,...,&, a complete subset, the members 
of which are all orthogonal to one another. (The condition of com- 
pleteness here means that any simultaneous eigenbra belonging to the 
_ eigenvalues £j, &,...,€, can be expressed linearly in terms of the 
members of the subset.) We must do this for each set of eigenvalues 
Ép &,--- & and then put all the members of all the subsets together 
and take them as the basic bras of the representation. These bras 
are all orthogonal, two of them being orthogonal from the orthogona- 
lity theorem if they belong to different sets of eigenvalues and from 
the special way in which they were chosen if they belong to the same 
set of eigenvalues, and they form altogether a complete set of bras, 
as any bra can be expressed linearly in terms of simultaneous eigen- 
bras and’ each simultaneous eigenbra can then be expressed linearly 
in terms of the members of a subset. There are infinitely many ways 
of choosing the subsets, and each way provides one orthogonal 
representation. 

For labelling the basic bras in this general case, we may use the 
eigenvalues éi, &,...,&, to which they belong, together with certain 
additional real variables à, A,,...,A, say, which must be introduced to 
distinguish basic vectors belonging to the same set of eigenvalues 
from one another. A basic bra is then written <é &...€)A,Ag.--Agl- 
Corresponding to the variables A,,A,,...,A, we can define linear 
operators L,, La- Lẹ by equations like (1) and can show that these 
linear operators have the basic bras as eigenbras, and that they are 
real and observables, and that they commute with one another and 
with the £s. The basic bras are now simultaneous eigenbras of all 
the commuting observables €,, &,,...,&,, Dis Lg,..., Ly. 
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Let us define a complete set of commuting observables to be a set of 
observables which all commute with one another and for which there 
is only one simultaneous eigenstate belonging to any set of eigen- 
values. Then the observables £, &,...,€,, Lis L,,..., Ly form a complete 
set of commuting observables, there being only one independent simul- 
taneous eigenbra belonging to the eigenvalues £}, &,..., Eus Aq: Agees Aps 
namely the corresponding basic bra. Similarly the observables 
L, La,- L, defined by equation (1) and the following work form 
a complete set of commuting observables. With the help of this 
definition the main results of the present section can be concisely 
formulated thus: . 

(i) The basic bras of an orthogonal representation are simul- 
taneous eigenbras of a complete set of commuting observ- 
ables. 

(ii) Given a complete set of commuting observables, we can set 
up an orthogonal representation in which the basic bras are 
simultaneous eigenbras of this complete set. 

(iii) Any set of commuting observables can be made into a com- 
plete commuting set by adding certain observables to it. 

(iv) A convenient way of labelling the basic bras of an orthogonal 
representation is by means of the eigenvalues of the complete 
set of commuting observables of which the basic bras are 
simultaneous eigenbras. 

The conjugate imaginaries of the basic bras of a representation we 
call the basic kets of the representation. Thus, if the basic bras are 
denoted by <A, Àz...A„l, the basic kets will be denoted by |A, Àg... Au’ 
The representative of a bra <b| is given by its scalar product with 
each of the basic kets, i.e. by <b]|À; Às... >. It may, like the repre- 
sentative of a ket, be looked upon either as a set of numbers or as a 
function of the variables À}, Às,-.., A. We have 


(BIA, Aa. A> == CA Ag.A, |b), 


showing that the representative of a bra is the conjugate complex of the 
representative of the conjugate imaginary ket. In an orthogonal repre- 
sentation, where the basic bras are simultaneous eigenbras of a com- 
plete set of commuting observables, é}, &,...,€, say, the basic kets 
will be simultaneous eigenkets of é, &,..., Eu. 

We have not yet considered the lengths of the basic vectors. With 
an orthogonal representation, the natural thing to do is to normalize 
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the basic vectors, rather than leave their lengths arbitrary, and so 
introduce a further stage of simplification into the representation. 
However, it is possible to normalize them only if the parameters 
which label them all take on discrete values. If any of these para- 
meters are continuous variables that can take on all values in a range, 
the basic vectors are eigenvectors of some observable belonging to 
eigenvalues in a range and are of infinite length, from the discussion 
in § 10 (see p. 39 and top of p. 40). Some-other procedure is then 
needed to fix the numerical factors by which the basic vectors may 
be multiplied. To get a convenient method of handling this question 
anew mathematical notation is required, which will be given in the 
next section. | 


15. The 6 function 

Our work in § 10 led us to consider quantities involving a certain 
kind of infinity. To get a precise notation for dealing with these 
infinities, we introduce a quantity ò(x) depending on a parameter x 
satisfying the conditions 


Jee dx = 1 2) 


6(%) = 0 for z Æ 0. 


To get a picture of 5(x), take a function of the real variable x which 
vanishes everywhere except inside a small domain, of length e say, 
surrounding the origin x = 0, and which is so large inside this domain 
_ that its integral over this domain is unity. The exact shape of the 
function inside this domain does not matter, provided there are no 
unnecessarily wild variations (for example provided the function 
is always of order «~!). Then in the limit e > 0 this function will go 
over into ô(x). 

5(z) is not a function of x according to the usual mathematical 
definition of a function, which requires a function to have a definite 
value for each point in its domain, but is something more general, 
which we may call an ‘improper function’ to show up its difference 
from a function defined by the usual definition. Thus 3(x) is not a 
quantity which can be generally used in mathematical analysis like 
an ordinary function, but its use must be confined to certain simple 
types of expression for which it is obvious that no inconsistency 
can arise. 
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The most important property of 5(z) is exemplified by the follow- 
ing equation, 


f FEBE) dæ = (0), (3) 


where f(x) is any continuous function of x. We can easily see the 
validity of this equation from the above picture of 5(x). The left- 
hand side of (3) can depend only on the values of f(z) very close 
to the origin, so that we may replace f(x) by its value at the origin, 
f(0), without essential error. Equation (3) then follows from the 
first of equations (2). By making a change of origin in (3), we can 
deduce the formula , 


| f@)8(e—a) dx = f(a), (4) 


where a is any real number. Thus the process of multiplying a function 
of x by &(x—a) and integrating over all x is equivalent to the process of 
substituting a for x. This general result holds also if the function of z is 
not a numerical one, but is a vector or linear operator depending on x. 

The range of integration in (3) and (4) need not be from —o to œ, 
but may be over any domain surrounding the critical point at which 
the ô function does not vanish. In future the limits of integration 
will usually be omitted in such equations, it being understood that 
the domain of integration is a suitable one. 

Equations (3) and (4) show that, although an improper function 
does not itself have a well-defined value, when it occurs as a factor 
in an integrand the integral has a well-defined value. In quantum 
theory, whenever an improper function appears, it will be something 
which is to be used ultimately in an integrand. Therefore it should be 
possible to rewrite the theory in a form in which the improper func- 
tions appear all through only in integrands. One could then eliminate 
the improper functions altogether. The use of improper functions 
thus does not involve any lack of rigour in the theory, but is merely 
a convenient notation, enabling us to express in a concise form 
certain relations which we could, if necessary, rewrite in a form not 
involving improper functions, but only in a cumbersome way which 
would tend to obscure the argument. 

An alternative way of defining the 5 function is as the differential 
coefficient e«'(x) of the function e(x) given by 


ex) = 0 (x <0) 


| o 
= 1 («> 0). 
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We may verify that this is equivalent to the previous definition by 
substituting e'(x) for 5(”) in the left-hand side of (3) and integrating 
by parts. We find, for g, and g, two positive numbers, 


[Fee de = [fop | Fedele) ae 


—92 — 03 
=fn)— | f(a) de 
= f(0), 


in agreement with (3). The ô function appears whenever one differen- 
tiates a discontinuous function. 

There are a number of elementary equations which one can write 
down about ô functions. These equations are essentially rules of 
manipulation for algebraic work involving 5 functions. The meaning 
of any of these equations is that its two sides give equivalent results 
as factors in an integrand. 

Examples of such equations are 


§(—a) = 8(z) (6) 

x d(x) = 0, (7) 

d(ax) = a 8(x) (a > 0), (8) 

8(a?—a?) = za -H{ê(x—a)+è(x+a)} (a > 0), (9) 

Í S(a—ax) dx 8(x—b) = ŝ(a—b), (10) 
f(x)8(x—a) = f(a)8(x—a). (11) 


Equation (6), which merely states that 5(x) is an even function of its 
variable x is trivial. To verify (7) take any continuous function of 
x, f(x). Then 

f Fez èle) dx = 0, 


from (3). Thus 28(x) as a factor in an integrand is equivalent to 
zero, which is just the meaning of (7). (8) and (9) may be verified 
by similar elementary arguments. To verify (10) take any continuous 
function of a, f(a). Then 


f fa) da f 8(a—x) de 3(0—b) = f 8(2—b) dx | f(a) da 5(a—a) 
= Í 8(e—b) dx f(x) = f f(a) da 3(a—6). 


Thus the two sides of (10) are equivalent as factors in an integrand 
with a as variable of integration. It may be shown in the same way 
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that they are equivalent also as factors in an integrand with b as 
variable of integration, so that equation (10) is justified from either 
of these points of view. Equation (11) is also easily justified, with 
the help of (4), from two points of view. 

Equation (10) would be given by an application of (4) with 
f(x) = ò(x—b). We have here an illustration of the fact that we may 
often use an improper function as though it were an ordinary con- 
tinuous function, without getting a wrong result. 

Equation (7) shows that, whenever one divides both sides of an 
equation by a variable x which can take on the value zero, one 
should add on to one side an arbitrary multiple of 8(z), i.e. from an 


equation A=B (12) 
one cannot infer Ajx = bfx, 
but only Ajx = Ble+-cò(x), (13) 


where c is unknown. ~ 
As an illustration of work with the 6 function, we may consider the 
differentiation of log x. The usual formula 
F logs = (14) 
requires examination for the neighbourhood of x = 0. In order to 
make the reciprocal function 1/z well defined in the neighbourhood 
of x = 0 (in the sense of an improper function) we must impose on 
it an extra condition, such as that its integral from —e to e vanishes. 
With this extra condition, the integral of the right-hand side of (14) 
from —e to e vanishes, while that of the left-hand side of (14) equals 
log (—1), so that (14) is not a correct equation. To correct it, we must 
remember that, taking principal values, log has a pure imaginary 
term tr for negative values of x. As x passes through the value zero 
this pure imaginary term vanishes discontinuously. The differen- 
tiation of this pure imaginary term gives us the result —ir ô(x), so 
that (14) should read 
+ log = tim d(x). (15) 
The particular combination of reciprocal function and ô function 
appearing in (15) plays an important part in the quantum theory of 
collision processes (see § 50). 
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16. Properties of the basic vectors 

Using the notation of the ô function, we can proceed with the theory 
of representations. Let us suppose first that we have a single observ- 
able £ forming by itself a complete commuting set, the condition for 
this being that there is only one eigenstate of £ belonging to any 
eigenvalue ¢’, and let us set up an orthogonal representation in which 
the basic vectors are eigenvectors of £ and are written <&’|, |E). 

In the case when the eigenvalues of £ are discrete, we can normalize 
the basic vectors, and we then have 


ee" = 0 (E £ E"), 


ED = 1. 
These equations can be combined into the single equation 
CEE") = Seren, (16) 


where the symbol è with two suffixes, which we shall often use in the 
future, has the meaning 
ò = 90 when rs (17) 
= 1 when r=<s. 

In the case when the eigenvalues of € are continuous we cannot 
normalize the basic vectors. If we now consider the quantity <£ |£”) 
with €’ fixed and £” varying, we see from the work connected with 
expression (29) of § 10 that this quantity vanishes for €” + &’ and 
that its integral over a range of é” extending through the value ¢' 
is finite, equal to c say. Thus 

CEE") = cè(E — E"). 
From (30) of § 10, c is a positive number. It may vary with $’, so 
we should write it c(£') or c’ for brevity, and thus we have 

KEJE) = e ò(E'— E”). (18) 
Alternatively, we have 

E/E") = c" è(E'— 8”), (19) 
where c” is short for c(£”), the right-hand sides of (18) and (19) being 
equal on account of (11). 

Let us pass to another representation whose basic vectors are 
eigenvectors of £, the new basic vectors being numerica] multiples of 
the previous ones. Calling the new basic vectors <é’*|, |€’*>, with the 
- additional label * to distinguish them from the previous ones, we have 


CEF] = RE, (ED = BED, 


§ 16 PROPERTIES OF THE BASIC VECTORS 63 
where x’ is short for &(€’) and is a number depending on €’. We get 
cér# é" — k'k" <é' \é"» — kh"! 8(é’—€") 

with the help of (18). This may be written 
LEESE FY — kie 8(é’—é") 
from (11). By choosing k’ so that its modulus is c’-?, which is possible 
since c’ is positive, we arrange to have 
cere) = (E — E"). (20) 
The lengths of the new basic vectors are now fixed so as to make the 
representation as simple as possible. The way these lengths were 
fixed is in some respects analogous to the normalizing of the basic 
vectors in the case of discrete €’, equation (20) being of the form of 
(16) with the ò function 6(g’—€é") replacing the 6 symbol 62 of 
equation (16). We shall continue to work with the new representation 
and shall drop the * labels in it to save writing. Thus (20) will now 
b i t 7 i / n 
o veitten KEE = (E — E"). (21) 
We can develop the theory on closely parallel lines for the discrete 
and continuous cases. For the discrete case we have, using (16), 


Z EEIE = Y Epe = IED, 


the sum being taken over all eigenvalues. This equation holds for 
any basic ket |€”> and hence, since the basic kets form a complete set, 


2 ESE = 1. (22) 


This is a useful equation expressing an important property of the 
basic vectors, namely, of |€’> is multiplied on the right by <E'| the 
resulting linear operator, summed for all &', equals the unit operator. 
Equations (16) and (22) give the fundamental properties of the basic 
vectors for the discrete case. 

Similarly, for the continuous case we have, using (21), 


[ED de EED = f ede SEE) = > (23) 


from (4) applied with a ket vector for f(x), the range of integration 
being the range of eigenvalues. This holds for any basic ket |é”> 


and hence 
[le aE 1 =1, (24) 
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This is of the same form as (22) with an integral replacing the sum. 
Equations (21) and (24) give the fundamental properties of the basic 
vectors for the continuous case. 

Equations (22) and (24) enable one to expand any bra or ket in 
terms of the basic vectors. For example, we get for the ket |P> in the 
discrete case, by multiplying (22) on the right by |P>, 


[P> = 2 IESE" P>, | (25) 


which gives |P» expanded in terms of the |é’>’s and shows that the 
coefficients in the expansion are <£’|P), which are just the numbers 
forming the representative of |P>. Similarly, in the continuous case, 


P> = f E> dé’ <E'1P>, (26) 


giving |P> as an integral over the [é’>’s, with the coefficient in the 
integrand again just the representative <¢'| P> of |P>. The conjugate 
imaginary equations to (25) and (26) would give the bra vector <P| 
expanded in terms of the basic bras. 

Our present mathematical methods enable us in the continuous 
case to expand any ket as an integral of eigenkets of £. If we do not 
use the 8 function notation, the expansion of.a general ket will consist 
of an integral plus a sum, as in equation (25) of § 10, but the ô function 
enables us to replace the sum by an integral in which the integrand 
consists of terms each containing a ô function as a factor. For 
example, the eigenket |”) may be replaced by an integral of eigen- 
kets, as is shown by the second of equations (23). 

If <Q] is any bra and |P> any ket we get, by further applications 


of (22) and (24), QP) = F <QIEXE IP) (27) 
E 
for discrete £ and 
COIP) = f <QIE dé’ <E IP) (28) 


for continuous €’. These equations express the scalar product of <Q] 
and |P> in terms of their representatives (Q|&’> and <&’|P>. Equa- 
tion (27) is just the usual formula for the scalar product of two 
vectors in terms of the coordinates of the vectors, and (28) is the 
natural modification of this formula for the case of continuous £’, 
with an integral instead of a sum. 

The generalization of the foregoing work to the case when € has 
both discrete and continuous eigenvalues is quite straightforward. 
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Using £ and £ to denote discrete eigenvalues and é and £” to denote 
continuous eigenvalues, we have the set of equations 


CEES = Bere, ETE = 0, ENE") = 8(E'—E") (29) 
as the generalization of (16) or (21). These equations express that 
the basic vectors are all orthogonal, that those belonging to discrete 
eigenvalues are normalized and those belonging to continuous eigen- 


values have their lengths fixed by the same rule as led to (20). From 
(29) Ye can derive, as the generalization of (22) or (24), 


& EE l+ [ lé> de <E =1, (30) 


the range of integration being the range of continuous eigenvalues. 
With the help of (30), we get immediately 


[P> = X EXE IP + | 1E) de’ EP) (31) 
as the generalization of (25) or (26), and 


COIP) = F QML P+ f QIED dE <EIP> = (382) 
as the generalization of (27) or (28). 
` Let us now pass to the general case when we have several commuting 
observables €,, &,..., €,, forming a complete commuting set and set up 
an orthogonal representation in which the basic vectors are simul- 
taneous eigenvectors of all of them, and are written ¢&...€)|, |€..-)- 
Let us suppose &,,&,...,€, (v < u) have discrete eigenvalues and 
Evip-- u have continuous eigenvalues. 

Consider the quantity <&..6,654,--€,/&.--£5 fo41--&,>- From the 
orthogonality theorem, it must vanish ‘unless each é= é for 
s=v-+l,..,u. By extending the work connected with expression 
(29) of §10 to simultaneous eigenvectors of several commuting 
observables and extending also the axiom (30), we find that the 
(u—v)-fold integral of this quantity with respect to each & over 
a range extending through the value ¢; is a finite positive number. 
Calling this number c’, the ' denoting that it is a function of 
Eis) En» Éve Sus WE can express our results by the equation 


(élén Sesa--Sulbr-SoSotaSar = C Sleur v) el Eu — Eu) (33) 


with one 6 factor on the right-hand side for each value of s from 
v+1 tou. We now change the lengths of our basic vectors so as to 
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make c’ unity, by a procedure similar to that which led to (20). By 
a further use of the orthogonality theorem, we get finally 


(bye belbte Sad = Seie5--Ber es 8(Cr41— Enr) Sl Eu Fe), (34) 


with a two-suffix ê symbol on the right-hand side for each é with 
discrete eigenvalues and a 6 function for each € with continuous 
eigenvalues. This is the generalization of (16) or (21) to the case when 
there are several commuting observables in the complete set. 

From (34) we can derive, as the generalization of (22) or (24) 


D [f EED darby Ekul = 1, (35) 
Eé 


the integral being a (u—v)-fold one over all the €’s with continuous 
eigenvalues and the summation being over all the £’”’s with discrete 
eigenvalues. Equations (34) and (35) give the fundamental properties 
of the basic vectors in the present case. From (35) we can imme- 
diately write down the generalization of (25) or (26) and of (27) or (28). 

The case we have just considered can be further generalized by 
allowing some of the £’s to have both discrete and continuous eigen- 
values. The modifications required in the equations are quite straight- 
forward, but will not be given here as they are rather cumbersome to 
write down in general form. 

There are some problems in which it is convenient not to make the 
c’ of equation (33) equal unity, but to make it equal to some definite 
function of the é”s instead. Calling this function of the €’’s p’-+ we 
then have, instead of (34) 


(bho Su let Eu = Pi Se: erbe er Sloy — So41)--8(Eu Eu) (36) 
and instead of (35) we get 


D ff 8d p dédé, fil = be (37) 
Eiko 


p’ is called the weight function of the representation, p’ dé,,,..d€, 
being the ‘weight’ attached to a small volume element of the space 
of the variables £).1,.., Eye 

The representations we considered previously all had the weight 
function unity. The introduction of a weight function not unity is 
entirely a matter of convenience and does not add anything to the 
mathematical power of the representation. The basic bras <£}...€,,*| 
of a representation with the weight function p’ are connected with 
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the basic bras <€,...€,,| of the corresponding representation with the 
weight function unity by 

Sabu] = po KE. Sul, (38) 
as is easily verified. An example of a useful representation with 
non-unit weight function occurs when one has two £s which are 
the polar and azimuthal angles @ and ¢ giving a direction in three- 
dimensional space and one takes p’ = sin 6’. One then has the element 
of solid angle sin 6’ d6’dd’ occurring in (37). 


17. The representation of linear operators 

In § 14 we saw how to represent ket and bra vectors by sets of 
numbers. We now have to do the same for linear operators, in order 
to have a complete scheme for representing all our abstract quantities 
by sets of numbers. The same basic vectors that we had in § 14 can 
be used again for this purpose. 

Let us suppose the basic vectors are simultaneous eigenvectors of 
a complete set of commuting observables ¢,, &,...,€,. If œ is any 
linear operator, we take a general basic bra <&...€,| and a general 
basic ket |&...€;> and form the numbers 

Cét Eulali- Eu- (39) 
These numbers are sufficient to determine « completely, since in the 
' first place they determine the ket a|€]...6)> (as they provide the 
representative of this ket), and the value of this ket for all the basic 
kets ef ...E") determines a. The numbers (39) are called the repre- 
sentative of the linear operator « or of the dynamical variable «. They 
are more complicated than the representative of a ket or bra vector 
in that they involve the parameters that label two basic vectors 
instead of one. 

Let us examine the form of these numbers in simple cases. Take 
first the case when there is only one £, forming a complete commuting 
set by itself, and suppose that it has discrete eigenvalues ¢’. The 
representative of « is then the discrete set of numbers <é’|a|é”>. If 
one had to write out these numbers explicitly, the natural way of 
arranging them would be as a two-dimensional array, thus: 

Eae Eal Eae 
CEE Ela Ela n 
Elali Ela Ela n. (40) 
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where €4, £?, €3,.. are all the eigenvalues of é. Such an array is called 
a matrix and the numbers are called the elements of the matrix. We 
make the convention that the elements must always be arranged so 
that those in the same row refer to the same basic bra vector and 
those in the same column refer to the same basic ket vector. 

An element <£'\a|&’> referring to two basic vectors with the same 
label is called a diagonal element of the matrix, as all such elements 
lie on a diagonal. If we put a equal to unity, we have from (16) all 
the diagonal elements equal to unity and all the other elements equal 
to zero. The matrix is then called the unit matrix. 

If « is real, we have 

CE Jalg” > = <é" ale". (41) 
The effect of these conditions on the matrix (40) is to make the 
diagonal elements all real and each of the other elements equal the 
conjugate complex ofits mirror reflection in the diagonal. The matrix 
is then called a Hermitian matrix. 

If we put œ equal to é, we get for a general element of the matrix 

CEEE" S = EKE JETS = E Serer. (42) 
Thus all the elements not on the diagonal are zero. The matrix is 
then called a diagonal matrix. Its diagonal elements are just equal 
to the eigenvalues of £ More generally, if we put « equal to f(£), a 
function of é, we get 
LEIRENE = FE) See, (43) 
and the matrix is again a diagonal matrix. 

Let us determine the representative of a product «f of two linear 
operators « and ĝ in terms of the representatives of the factors. 
From equation (22) with é” substituted for £ we obtain 


CE laplE> = <E la $ le"O<e"IBlE” 
= X E lale" <E" BIE, (44) 


which gives us the required result. Equation (44) shows that the 
matrix formed by the elements <€'|aB8|é”> equals the product of the 
matrices formed by the elements <€’|a|&”> and <é’|B|E”> respectively, 
according to the usual mathematical rule for multiplying matrices. 
This rule gives for the element in the rth row and sth column of the 
product matrix the sum of the product of each element in the rth 
row of the first factor matrix with the corresponding element in the sth 
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column of the second factor matrix. The multiplication of matrices 
is non-commutative, like the multiplication of linear operators. 

We can summarize our results for the case when there is only one 
é and it has discrete eigenvalues as follows: 

(i) Any linear operator is represented by a matrix. 

(ii) The unit operator is represented by the unit matriz. 

(iii) A real linear operator is represented by a Hermitian matriz. 

(iv) £ and functions of € are represented by diagonal matrices. 

(v) The matrix representing the product of two linear operators is the 

product of the matrices representing the two factors. 

Let us now consider the case when there is only one £ and it has 
continuous eigenvalues. The representative of « is now <é’ |a|”), a 
function of two variables £ and é” which can vary continuously. It 
is convenient to call such a function a ‘matrix’, using this word in 
a generalized sense, in order that we may be able to use the same 
terminology for the discrete and continuous cases. One of these 
generalized matrices cannot, of course, be written out as a two- 
dimensional array like an ordinary matrix, since the number of its 
rows and columns is an infinity equal to the number of points on a 
line, and the number of its elements is an infinity equal to the 
number of points in an area. 

We arrange our definitions concerning these generalized matrices 
so that the rules (i)-(v) which we had above for the discrete case 
hold also for the continuous ‘case. The unit operator is represented 
by 5(é’—€”) and the generalized matrix formed by these elements 
we define to be the unit matrix. We still have equation (41) as the 
condition for « to be real and we define the generalized matrix formed 
by the elements <é’|a|é"> to be Hermitian when it satisfies this 
condition. é is represented by 

CEE) = E SE’ — E”) (45) 
and f(£) by OUPENED = FE) SE — E"), (46) 
and the generalized matrices formed by these elements we define to be 
diagonal matrices. From (11), we could equally well have £” and f(E”) 
as the coefficients of 6(€’—&”) on the right-hand sides of (45) and (46) 
respectively. Corresponding to equation (44) we now have, from (24) 


KE laBlE”> — Í CE’ jalé”> dé” cE" BIE", (47) 
with an integral instead of a sum, and we define the generalized 


matrix formed by the elements on the right-hand side here to be the 


3595.57 F 
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product of the matrices formed by <é’|a|é”> and <é'|B|Eé”>. With 
these definitions we secure complete parallelism between the discrete 
and continuous cases and we have the rules (i)-(v) holding for both. 

The question arises how a general diagonal matrix is to be defined 
in the continuous case, as so far we have only defined the right-hand 
sides of (45) and (46) to be examples of diagonal matrices. One 
might.be inclined to define as diagonal any matrix whose (¢’, £”) 
elements all vanish except when £ differs infinitely little from é”, 
but this would not be satisfactory, because an important property 
of diagonal matrices in the discrete case is that they always commute 
with one another and we want this property to hold also in the 
continuous case. In order that the matrix formed by the elements — 
<€'|w|E”) in the continuous case may commute with that formed by 
the elements on the right-hand side of (45) we must have, using the 
multiplication rule (47), 


f <elwle”> dew E" 5(e"—E") = | E SEE") de" <E" lwl E"). 
With the help of formula (4), this reduces to 
CE Jw lE DE” = EE wE” (48) 
or (EENE lw é") = 0. 
This gives, according to the rule by which (13) follows from (12), 


<E"|w |S" = c 8(E'—€") 

where c’ is a number that may depend on £. Thus <é’|w|é”> is of the 
form of the right-hand side of (46). For this reason we define only 
matrices whose elements are of the form of the right-hand side of (46) to 
be diagonal matrices. It is easily verified that these matrices all 
commute with one another. One can form other matrices whose 
(€’, €") elements all vanish when é differs appreciably from é” and 
have a different form of singularity when é’ equals £” [we shall later 
introduce the derivative 6’(x) of the 6 function and 6'(é’—€”) will 
then be an example, see § 22 equation (19)], but these other matrices 
are not diagonal according to the definition. 

Let us now pass on to the case when there is only one £ and it has 
both discrete and continuous eigenvalues. Using &7,& to denote 
discrete eigenvalues and £’, é” to denote continuous eigenvalues, we 
now have the representative of « consisting of four kinds of quanti- 
ties, (E"la|E>, <Er lali, <E |alE™, <E lalE”>. These quantities can all 
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be put together and considered to form a more general kind of matrix 
having some discrete rows and columns and also a continuous range 
of rows and columns. We define unit matrix, Hermitian matrix, 
diagonal matrix, and the product of two matrices also for this more 
general kind of matrix so as to make the rules (i)-(v) still hold. The 
details are a straightforward generalization of what has gone before 
and need not be given explicitly. 

Let us now go back to the general case of several €’s, é, Ézs... &,,. 
The representative of «, expression (39), may still be looked upon as 
forming a matrix, with rows corresponding to different values of 
€;,...,€, and columns corresponding to different values of £j...., EZ. 
Unless all the €’s have discrete eigenvalues, this matrix will be of the 
generalized kind with continuous ranges of rows and columns. We 
again arrange our definitions so that the rules (i)-(v) hold, with rule 
(iv) generalized to: 

(iv’) Hach En (m = 1,2,...,w) and any function of them is repre- 
sented by a diagonal matrix. 

A diagonal matrix is now defined as one whose general element 
CE} ..-€,|@|€]-.-E> is of the form 


Ey Eu l@ ET a> = C Dg er De 028 (En 44 Ena) (E,— éa) (49) 


in the case when §,,..,&, have discrete eigenvalues and &,..,,..,€,, have 
continuous eigenvalues, c’ being any function of the €’’s. This defini- 
tion is the generalization of what we had with one € and makes 
diagonal matrices always commute with one another. The other 
definitions are straightforward and need not be given explicitly. 

' We now have a linear operator always represented by a matrix. 
The sum of two linear operators is represented by the sum of the 
matrices representing the operators and this, together with rule (v), 
means that the matrices are subject to the same algebraic relations as 
the linear operators. If any algebraic equation holds between certain 
linear operators, the same equation must hold between the matrices 
representing those operators. 

The scheme of matrices can be extended to bring in the repre- 
sentatives of ket and bra vectors. The matrices representing linear 
operators are all square matrices with the same number of rows and 
columns, and with, in fact, a one-one correspondence between their 
rows and columns. We may look upon the representative of a ket 
|P as a matrix with a single column by setting all the numbers 
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<&...€,|P> which form this representative one below the other. The 
number of rows in this matrix will be the same as the number of 
rows or columns in the square matrices representing linear operators. 
Such a single-column matrix can be multiplied on the left by a square 
matrix <é- éulaléi...én> representing a linear operator, by a rule 
similar to that for the multiplication of two square matrices. The 
product is another single-column matrix with elements given by 


a ff tulalé Eu dépar déu EEn PY 


From (35) this is just equal to <&...€,|a|P>, the. representative of 
a|P>. Similarly we may look upon the representative of a bra <Q] 
as a matrix with a single row by setting all the numbers ¢Q|&...&,> 
side by side. Such a single-row matrix may be multiplied on the 
right by a square matrix <&}...€,|«|&...€,>, the product being another 
single-row matrix, which is just the representative of <Q|a. The 
single-row matrix representing <Q| may be multiplied on the right 
by the single-column matrix representing |P>, the product being a 
matrix with just a single element, which is equal to <Q| P>. Finally, 
the single-row matrix representing <Q| may be multiplied on the left 
by the single-column matrix representing |P», the product being a 
square matrix, which is just the representative of |P><Q|. In. this 
way all our abstract symbols, linear operators, bra vectors, and ket 
vectors, can be represented by matrices, which are subject to the 
same algebraic relations as the abstract symbols themselves. 


18. Probability amplitudes 

Representations are of great importance in the physical interpreta- 
tion of quantum mechanics as they provide a convenient method for 
obtaining the probabilities of observables having given values. In 
§ 12 we obtained the probability of an observable having any speci- 
fied value for a given state and in § 13 we generalized this result 
and obtained the probability of a set of commuting observables 
simultaneously having specified values for a given state. Let us now 
apply this result to a complete set of commuting observables, say the 
set of £s which we have been dealing with already. According to 
formula (51) of § 13, the probability of each £, having the value é 
for the state corresponding to the normalized ket vector |x) is 


Peg, = 18 ¢, gi Derer Otuel E>. (50) 
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If the ¿s all have discrete eigenvalues, we can use (35) with v = u 
and no integrals, and get 


Pyt, = 2, CINAJN EIMA ---Eur Coa NED 
Lee? y 


= >. CIOTAT AESAAT Sa (Er ule> 


= (e| Éu Er Eule 
= | (64-8 le>/. (51) 


We thus get the simple result that the probability of the €s having the 
values £ is just the square of the modulus of the appropriate coordinate 
of the normalized ket vector corresponding to the state concerned. 

If the £s do not all have discrete eigenvalues, but if, say, £1,- Èy 
have discrete eigenvalues and ¢,,,,.., €,, have continuous eigenvalues, 
then to get something physically significant we must obtain the 
probability of each £, (r = 1,..,v) having a specified value é, and each 
é (s = v+l,..,u) lying in a specified small range é to &+d&. For 
this purpose we must replace each factor ô¿ ¢, in (50) by a factor y,; 
which is that function of the observable £, which is equal to unity 
for é within the range £; to ¢,+d&, and zero otherwise. Proceeding 
as before with the help of (35), we obtain for this probability : 


Py edb yd, = KE Ealey dE df, (52) 


Thus in every case the probability distribution of values for the Ẹ’s is 
given by the square of the modulus of the representative of the norma- 
lized ket vector corresponding to the state concerned. 

The numbers which form the representative of a normalized ket 
(or bra) may for this reason be called probability amplitudes. The 
square of the modulus of a probability amplitude is an ordinary 
probability, or a probability per unit range for those variables that 
have continuous ranges of values. 

We may be interested in a state whose corresponding ket |x) cannot 
be normalized. This occurs, for example, if the state is an eigenstate 
of some observable belonging to an eigenvalue lying in a range of 
eigenvalues. The formula (51) or (52) can then still be used to give 
the relative probability of the £s having specified values or having 
values lying in specified small ranges, i.e. it will give correctly the 
ratios of the probabilities for different ¢’’s. The numbers <&}...€,|%> 
may then be called relative probability amplitudes. 


74 REPRESENTATIONS § 18 


The representation for which the above results hold is characterized 
by the basic vectors being simultaneous eigenvectors of all the €’s. 
It may also be characterized by the requirement that each of the €’s 
shall be represented by a diagonal matrix, this condition being easily 
seen to be equivalent to the previous one. The latter characterization 
is usually the more convenient one. For brevity, we shall formulate 
it as each of the €’s ‘being diagonal in the representation’. 

Provided the £s form a complete set of commuting observables, 
the representation is completely determined by the characterization, 
apart from arbitrary phase factors in the basic vectors. Each basic bra 
(éi -Eul may be multiplied by etr’, where y’ is any real function of 
the variables &,..., &,, without changing any of the conditions which 
the representation has to satisfy, i.e. the condition that the £s are 
diagonal or that the basic vectors are simultaneous eigenvectors of 
the é’s, and the fundamental properties of the basic vectors (34) and 
(35). With the basic bras changed in this way, the representative 
(1...£,|P> of a ket |P> gets multiplied by e, the representative 
(Q|&.-E> of a bra <Q] gets multiplied by e-*” and the representa- 
tive (&...€,|a|€]...€%> of a linear operator « gets multiplied by e-v", 
The probabilities or relative probabilities (51), (52) are, of course, 
unaltered. 

The probabilities that one calculates in practical problems in 
quantum mechanics are nearly always obtained from the squares 
of the moduli of probability amplitudes or relative probability ampli- 
tudes. Even when one is interested only in the probability of an 
incomplete set of commuting observables having specified values, it 
is usually necessary first to make the set a complete one by the 
introduction of some extra commuting observables and to obtain 
the probability of the complete set having specified values (as the 
square of the modulus of a probability amplitude), and then to sum 
or integrate over all possible values of the extra observables. A 
more direct application of formula (51) of § 13 is usually not 
practicable. 

To introduce a representation in practice 

(i) We look for observables which we would like to have diagonal, 
either because we are interested in their probabilities or for 
reasons of mathematical simplicity ; 

(ii) We must see that they all commute—a necessary condition 
since diagonal matrices always commute; 
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(iii) We then see that they form a complete commuting set, and 
if not we add some more commuting observables to them to 
make them into a complete commuting set ; 

(iv) We set up an orthogonal representation with this complete 
commuting set diagonal. 

The representation is then completely determined except for the 
arbitrary phase factors. For most purposes the arbitrary phase 
factors are unimportant and trivial, so that we may count the 
representation as being completely determined by the observables 
that are diagonal in it. This fact is already implied in our notation, 
since the only indication in a representative of the representation to 
which it belongs are the letters denoting the observables that are 
diagonal. 

It may be that we are interested in two representations for the 
same dynamical system. Suppose that in one of them the complete 
set of commuting observables €,,...,€, are diagonal and the basic 
bras are (&)...€,| and in the other the complete set of commuting 
observables 7,,...,7,, are diagonal and the basic bras are ¢7}...7/,|. 
A ket |P> will now have the two representatives (¢)...¢,|P) and 
CN Mw|P>. If &,..,€ have discrete eigenvalues and €,.,,..,€, have 
continuous eigenvalues and if 7,,.., 7, have discrete eigenvalues and 
Nevis) Ny have continuous eigenvalues, we get from (35) 


mool P> = X fef molii drin dE, Gokul P>, (53) 
and interchanging £s and y’s 
léi éul PY = 2, [-f ae ulti Mod Narr Any MNu PY. (54) 


These are the transformation equations which give one representative 
. of |P> in terms of the other. They show that either representative 
is expressible linearly in terms of the other, with the quantities 


Cm Mul ED, LÉN o (55) 


as coefficients. These quantities are called the transformation func- 
tions. Similar equations may be written down to connect the two 
representatives of a bra vector or of a linear operator. The trans- 
formation functions (55) are in every case the means which enable 
one to pass from one representative to the other. Each of the 
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transformation functions is the conjugate complex of the other, and 
they satisfy the conditions 


Z J f iiol Eu) Urea Ab Er Eul mo? 


= Sainte Onis (Nera Nat) Nw Mw) (56) 
and the corresponding conditions with és and 7’s interchanged, as 
may be verified from (35) and (34) and the corresponding equations 
for the ys. 


Transformation functions are examples of probability amplitudes 
or relative probability amplitudes. Let us take the case when all the 
Es and all the 7’s have discrete eigenvalues. Then the basic ket 
[m.n is normalized, so that its representative in the €-representa- 
tion, (£)...€,,;|n1.--Ny>, is a probability amplitude for each set of values 
for the £’’s. The state to which these probability amplitudes refer, 
namely the state corresponding to |7}...7,,>, is characterized by the 
condition that a simultaneous measurement of 7,,..., Ny 18 certain to 
lead to the results 7j,...,.7,). Thus |<&...&,|71.--mp>|? is the proba- 
bility of the £s having the values &)...¢, for the state for which the 
s certainly have the values 7}...7,,. Since 


<S5---Seel M+ Meo? = [Cnr Mw lS Sa? 
we have the theorem of reciprocity—the probability of the €s having 
the values &' for the state for which the n's certainly have the values 17 
is equal to the probability of the n's having the values n’ for the state for 
which the Es certainly have the values &’. 

If all the y’s have discrete eigenvalues and some of the es have 
continuous eigenvalues, |<&...&,|7)---7,)>|? still gives the probability 
distribution of values for the £’s for the state for which the 7’s cer- 
tainly have the values 7’. If some of the 7’s have continuous eigen- 
values, |7}...7,)> is not normalized and |<€)...€,,|7}.--ny>|? then gives 
only the relative probability distribution of values for the €’s for the 
state for which the 7’s certainly have the values 7’. 


19. Theorems about functions of observables 

We shall illustrate the mathematical value of representations by 
using them to prove some theorems. 

THEOREM 1. A linear operator that commutes with an observable £ 
commutes also with any function of È. 


The theorem is obviously true when the function is expressible as 
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a power series. To prove it generally, let w be the linear operator, 
so that we have the equation 

Ew— wé = 0. (57) 
Let us introduce a representation in which é is diagonal. If € by 
itself does not form a complete commuting set of observables, we must 
make it into a complete commuting set by adding certain observables, 
B say, to it, and then take the representation in which é and the f’s 
are diagonal. (The case when £ does form a complete commuting set 
by itself can be looked upon as a special case of the preceding one 
with the number of £ variables zero.) In this representation equation 


(57) becomes CE'B'léw—wtlé"B"> = 0, 
which reduces to 
EER ol e"B")— <ER loo "BYE" = 0. 
In the case when the eigenvalues of é are discrete, this equation 
shows that all the matrix elements <€’B’|w\&’B”) of w vanish except 


those for which €’ = é”. In the case when the eigenvalues of £ are 
continuous it shows, like equation (48), that ¢€’B’|w/Eé"B”> is of the 


form CE'B' lol" B"> = cS(E'— E"), 

where c is some function of £ and the f’’s and 8”s. In either case 
we may say that the matrix representing w ‘is diagonal with respect 
to €’. If f(E) denotes any function of € in accordance with the general 
theory of § 11, which requires f(€”) to be defined for £” any eigenvalue 
of £, we can deduce in either case 


KEKER ale" P — EB olé BSE) = 0. 
This gives CER IFE) w—w f(E) ER") = 0, 
so that S(E)o—af(é) = 0 


and the theorem is proved. 

As a special case of the theorem, we have the result that any 
observable that commutes with an observable é also commutes with 
any function of €. This result appears as a physical necessity when 
we identify, as in §13, the condition of commutability of two 
observables with the condition of compatibility of the correspond- 
ing observations. Any observation that is compatible with the 
measurement of an observable € must also be compatible with the 
measurement of f(€), since any measurement of £ includes in itself 
a measurement of f(£). 
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THEOREM 2. A linear operator that commutes with each of a complete 
set of commuting observables 1s a function of those observables. 


Let w be the linear operator and &,, &,...,&,, the complete set of 
commuting observables, and set up a representation with these 
observables diagonal. Since w commutes with each of the &’s, the 
matrix representing it is diagonal with respect to each of the £’s, 
by the argument we had above. This matrix is therefore a diagonal 
matrix and is of the form (49), involving a number c’ which is a 
function of the é”s. It thus represents the function of the €’s that 
c’ is of the €”’s, and hence w equals this function of the &’s. 


THEOREM 3. If an observable € and a linear operator g are such that 
any linear operator that commutes with € also commutes with g, then g 
is a function of £. 

This is the converse of Theorem 1. To prove it, we use the same 
representation with é diagonal as we had for Theorem 1. In the first 
place, we see that g must commute with & itself, and hence the 
representative of g must be diagonal with respect to £, i.e. it must 
be of the form 

CER" Ig lE" R" > = a(EB'B" ge or a(EBB")8(E'—E"), 
according to whether é has discrete or continuous eigenvalues. Now 
let w be any linear operator that commutes with é, so that its 
representative is of the form 

CE'P' lw |E"B"> = D(E'B'B” Yge or BERRE é"). 

By hypothesis w must also commute with g, so that 

CEP |gw—wg |E"B"> = 0. (58) 
If we suppose for definiteness that the f’s have discrete eigenvalues, 
(58) leads, with the help of the law of matrix multiplication, to 


{a(é'P'P”Ib(E B” P") —b(E R R” a(E’B'"B")} = O, (59) 


the left-hand side of (58) being equal to the left-hand side of (59) 
multiplied by 5g or 6(€’—€”). Equation (59) must hold for all 
functions b(€'B’B”). We can deduce that 

a(fB'B") = 0 for fp +p", 

a(é'B'B") = a(é’B"B"). 
The first of these results shows that the matrix representing g is 


diagonal and the second shows that a(é’’f’) is a function of &’ only. 
We can now infer that g is that function of £ which a(é’B’f’) is of E’, 
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so the theorem is proved. The proof is analogous if some of the 8’s 
have continuous eigenvalues. 

Theorems 1 and 3 are still valid if we replace the observable € by 
any set of commuting observables é, &,..,&, only formal changes 
being needed in the proofs. 


20. Developments in notation 

The theory of representations that we have developed provides a 
general system for labelling kets and bras. Ina representation in which 
the complete set of commuting observables €,,..., é, are diagonal any 
ket |P> will have a representative <§&)...€,|P)>, or <é’|P> for brevity. 
This representative is a definite function of the variables £, say ¥(&’). 
The function 4 then determines the ket | P> completely, so it may be 
used to label this ket, to replace the arbitrary label P. In symbols, 
if CELP) = WE) | (0 
we put LP = [6(€)>. 
We must put |P> equal to |%(€)> and not |%(é’)>, since it does not 
depend on a particular set of eigenvalues for the £s, but only on the 
form of the function W. 

With f(é) any function of the observables &,,...,€,, f(6)|P> will 
have as its representative 


COUPE) |P> = FE NEE’). 
Thus according to (60) we put 


FEP) = ISELE). 
With the help of the second of equations (60) we now get 


FELES = FERE). (61) 

This is a general result holding for any functions f and 4 of the Ẹ’s, 
and it shows that the vertical line | is not necessary with the new 
notation for a ket—either side of (61) may be written simply as 
FELE). Thus the rule for the new notation becomes :— 
if CE'IP> = pE’) | (on 
we put |P> = 4(£)>. 
We may further shorten (€)> to %>, leaving the variables ¢ under- 
stood, if no ambiguity arises thereby. 

The ket %(£)> may be considered as the product of the linear 
operator %(€) with a ket which is denoted simply by > without a 
label. We call the ket > the standard ket. Any ket whatever can be 
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expressed as a function of the é’s multiplied into the standard ket. 
For example, taking |P» in (62) to be the basic ket |£"), we find 

JE") = Se ¢1--8e,¢7 8 (Ents Ev) 5(Su— Su)? (63) 
in the case when €,,..,&, have discrete eigenvalues and Evie u have 
continuous eigenvalues. The standard ket is characterized by the 
condition that its representative <€’|> is unity over the whole domain 
of the variable ¢’, as may be seen by putting y = 1 in (62). 

A further contraction may be made in the notation, namely to 
leave the symbol > for the standard ket understood. A ket is then 
written simply as %(€), a function of the observables é. A function 
of the é’s used in this way to denote a ket is called a wave function.{ 
The system of notation provided by wave functions is the one usually 
used by most authors for calculations in quantum mechanics. In 
using it one should remember that each wave function is understood 
to have the standard ket multiplied into it on the right, which 
prevents one from multiplying the wave function by any operator 
on the right. Wave functions can be multiplied by operators only on 
the left. This distinguishes them from ordinary functions of the £’s, 
which are operators and can be multiplied by operators on either the 
left or the right. A wave function is just the representative of a ket 
expressed as a function of the observables €, instead of eigenvalues £’ 
for those observables. The square of its modulus gives the proba- 
bility (or the relative probability, if it is not normalized) of the &’s 
having specified values, or lying in specified small ranges, for the 
corresponding state. 

The new notation for bras may be developed in the same way as 
for kets. A bra <Q] whose representative (Q|&’> is ¢(’) we write 
<¢(é)|. With this notation the conjugate imaginary to |~(€)> is 
<$(€)|. Thus the rule that we have used hitherto, that a ket and 
its conjugate imaginary bra are both specified by the same label, 
must be extended to read—if the labels of a ket involve complex 
numbers or complex functions, the labels of the conjugate imaginary 
bra involve the conjugate complex numbers or functions. As in the 
case of kets we can show that <(€)|f(€) and <(€)f(§)| are the same, 
so that the vertical line can be omitted. We can consider <¢(§) as 
the product of the linear operator ¢(£) into the standard bra <, which 

+ The reason for this name is that in the early days of quantum mechanics all the 


examples of these functions were of the form of waves. The name is not a descriptive 
one from the point of view of the modern general theory. 
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is the conjugate imaginary of the standard ket >. We may leave 
the standard bra understood, so that a general bra is written as (£), 
the conjugate complex of a wave function. The conjugate complex 
of a wave function can be multiplied by any linear operator on the 
right, but cannot be multiplied by a linear operator on the left. We 
can construct triple products of the form <f(€)>. Such a triple product 
is a number, equal to f(€) summed or integrated over the whole 
domain of eigenvalues for the &’s, 


a= E S-S PE) déns déu (64) 


in the case when é,.., €, have discrete eigenvalues and €,,,,...,€, have 
continuous eigenvalues. 

The standard ket and bra are defined with respect to a representa- 
tion. If we carried through the above work with a different repre- 
sentation in which the complete set of commuting observables 7 are 
diagonal, or if we merely changed the phase factors in the representa- 
tion with the £’s diagonal, we should get a different standard ket and 
bra. In a piece of work in which more than one standard ket or bra 
appears one must, of course, distinguish them by giving them labels. 

A further development of the notation which is of great importance 
for dealing with complicated dynamical systems will now be discussed. 
Suppose we have a dynamical system describable in terms of dynami- 
cal variables which can all be divided into two sets, set A and set B 
say, such that any member of set A commutes with any member of 
set B. A general dynamical variable must be expressible as a function 
of the A-variables and B-variables together. We may consider 
another dynamical system in which the dynamical variables are the 
A-variables only—let us call it the A-system. Similarly we may 
consider a third dynamical system in which the dynamical variables 
are the B-variables only—the B-system. The original system can 
then be looked upon as a combination of the A-system and the 
B-system in accordance with the mathematical scheme given below. 

Let us take any ket |a> for the A-system and any ket |b> for the 
B-system. We assume that they have a product |a>|b> for which 
the commutative and distributive axioms of multiplication hold, ie. 


|a>|b> = |b>|a>, 
{cila > t Cala} lb = c,|a@,>|b>+-¢,|a,>|5>, 
|a>{Cq|b,>+-¢|bg>} = cla) b1) +c2la) ba), 
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the c's being numbers. We can give a meaning to any A-variable 
operating on the product |a>|b> by assuming that it operates only 
on the |a> factor and commutes with the |b> factor, and similarly 
we can give a meaning to any B-variable operating on this product 
by assuming that it operates only on the |b> factor and commutes 
with the |a> factor. (This makes every A-variable commute with 
every J-variable.) Thus any dynamical variable of the original 
system can operate on the product |a>|b>, so this product can be 
looked upon as a ket for the original system, and may then be 
written |ab>, the two labels a and b being sufficient to specify it. 
In this way we get the fundamental equations 

|a>|b> = |b>|a> = |ad). (65) 

The multiplication here is of quite a different kind from any that 
occurs earlier in the theory. The ket vectors |a and |b> are in two 
different vector spaces and their product is in a third vector space, 
which may be called the product of the two previous vector spaces. 
The number of dimensions of the product space is equal to the 
product of the number of dimensions of each of the factor spaces. 
A general ket vector of the product space is not of the form (65), but 
is a sum or integral of kets of this form. 

Let us take a representation for the A-system in which a complete 
set of commuting observables £4 of the A-system are diagonal. We 
shall then have the basic bras <£',| for the A-system. Similarly, taking 
a representation for the B-system with the observables £, diagonal, 
we shall have the basic bras <€;| for the B-system. The products 


Ea Kéa] = 4S! (66) 
will then provide the basic bras for a representation for the original 
system, in which representation the € ,’s and the €,’s will be diagonal. 


The €,’s and ép’s will together form a complete set of commuting 
observables for the original system. From (65) and (66) we get 


E4lar<Exlb> = <E4 Epilady, (67) 
showing that the representative of jab equals the product of the 
representatives of |a> and of |b» in their respective representations. 

We can introduce the standard ket, >, say, for the A-system, 
with respect to the representation with the ¢,’s diagonal, and also 
the standard ket >, for the B-system, with respect to the repre- 
sentation with the £,’s diagonal. Their product >,>, is then the 
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standard ket for the original system, with respect to the representa- 
tion with the €,’s and €,’s diagonal. Any ket for the original system 


may be expressed as Blés En) a >a (68) 


It may be that in a certain calculation we wish to use a particular 
representation for the B-system, say the above representation with 
the €,’s diagonal, but do not wish to introduce any particular 
representation for the A-system. It would then be convenient to 
use the standard ket >, for the B-system and no standard ket for 
the A-system. Under these circumstances we could write any ket 


for the original system as Epp (69) 


in which |€,) is a ket for the A-system and is also a function of the 
En’s, ie. it is a ket for the A-system for each set of values for the 
E,’s—in fact (69) equals (68) if we take 


l lEn? = bE 4 Epa: 
We may leave the standard ket >, in (69) understood, and then we 
have the general ket for the original system appearing as |£,>, a ket 
for the A-system and a wave function in the variables £p of the 
B-system. An example of this notation will be used in § 66. 

The above work can be immediately extended to a dynamical 
system describable in terms of dynamical variables which can be 
divided into three or more sets A, B, C,... such that any member of 
one set commutes with any member of another. Equation (65) gets 


generalized to 1a) |bS |e)... = |abe...», 


the factors on the left being kets for the component systems and 
the ket on the right being a ket for the original system. Equations 
(66), (67), and (68) get generalized to many factors in a similar way. 


IV 
THE QUANTUM CONDITIONS 


21. Poisson brackets 
Our work so far has consisted in setting up a general mathematical 
scheme connecting states and observables in quantum mechanics. 
One of the dominant features of this scheme is that observables, and 
dynamical variables in general, appear in it as quantities which do 
not obey the commutative law of multiplication. It now becomes 
necessary for us to obtain equations to replace the commutative law 
of multiplication, equations that will tell us the value of éņn— né when 
é and 7 are any two observables or dynamical variables. Only when 
such equations are known shall we have a complete scheme of 
mechanics with which to replace classical mechanics. These new 
equations are called quantum conditions or commutation relations. 
The problem of finding quantum conditions is not of such a general 
character as those we have been concerned with up to the present. It 
is instead a special problem which presents itself with each particular 
dynamical system one is called upon to study. There is, however, 
a fairly general method of obtaining quantum conditions, applicable 
to a very large class of dynamical systems. This is the method of 
classical analogy and will form the main theme of the present chapter. 
Those dynamical systems to which this method is not applicable 
must be treated individually and special considerations used in each 
case. ' 
The value of classical analogy in the development of quantum 
mechanics depends on the fact that classical mechanics provides a 
valid description of dynamical systems under certain conditions, 
when the particles and bodies composing the systems are sufficiently 
massive for the disturbance accompanying an observation to be 
negligible. Classical mechanics must therefore be a limiting case of 
quantum mechanics. We should thus expect to find that important 
concepts in classical mechanics correspond to important concepts in 
quantum mechanics, and, from an understanding of the general 
nature of the analogy between classical and quantum mechanics, we 
may hope to get laws and theorems in quantum mechanics appearing 
as simple generalizations of well-known results in classical mechanics; 
in particular we may hope to get the quantum conditions appearing 
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as a simple generalization of the classical law that all dynamical 
variables commute. 

Let us take a dynamical system composed of a number of particles 
in interaction. As independent dynamical variables for dealing with 
the system we may use the Cartesian coordinates of all the particles 
and the corresponding Cartesian components of velocity of the par- 
ticles. It is, however, more convenient to work with the momentum 
components instead of the velocity components. Let us call the 
coordinates q,, 7 going from 1 to three times the number of particles, 
and the corresponding momentum components p,. The q’s and p’s 
are called canonical coordinates and momenia. 

The method of Lagrange’s equations of motion involves introdu- 
cing coordinates g, and momenta p, in a more general way, applicable 
also for a system not composed of particles (e.g. a system containing 

rigid bodies). These more general q’s and p’s are also called canonical 
coordinates and momenta. Any dynamical variable is expressible in 
terms of a set of canonical coordinates and momenta. 

An important concept in general dynamical theory is the Poisson 
Bracket. Any two dynamical variables u and v have a P.B. (Poisson 
Bracket) which we shall denote by [u,v], defined by 


wo] = > OS eh (1 
a (ôd, Op, Op, OF, 
u and v being regarded as functions of a set of canonical coordinates 
and momenta q, and p, for the purpose of the differentiations. The 
right-hand side of (1) is independent of which set of canonical 
coordinates and momenta are used, this being a consequence of the 
general definition of canonical coordinates and momenta, so the 
P.B. [u,v] is well defined. 

The main properties of P.B.s, which follow at once from their 


definition (1), are 


[u,v] = —[», u], (2) 
[u,c] = 0, (3) 


where c is a number (which may be considered as a special case of a 
dynamical variable), 


[ay tue, v] = [u v]+[%, >], 
[u, v+] = [u,v ]+[4, vol, 


3595.57 Q 


(4) 
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seme] = eget) (pet aa 
= [u vjuz tufu v], | (5) 

[u,v va] = [u, v pa+olu, vaj. 
Also the identity . 
[u,[v, w]]+[, [w, u}]+[w, [w, o]] = 0 (6) 
is easily verified. Equations (4) express that the P.B. [u,v] involves 
u and v linearly, while equations (5) correspond to the ordinary rules 
for differentiating a product. 

Let us try to introduce a quantum P.B. which shall be the analogue 
of the classical one. We assume the quantum P.B. to satisfy all the 
conditions (2) to (6), it being now necessary that the order of the 
factors u, and u, in the first of equations (5) should be preserved 
throughout the equation, as in the way we have here written it, and 
similarly for the v, and v, in the second of equations (5). These condi- 
tions are already sufficient to determine the form of the quantum 
P.B. uniquely, as may be seen from the following argument. We can 
evaluate the P.B. [u] uz, v; va] in two different ways, since we can use 
either of the two formulas (5) first, thus, 


[u Ug, Vy Va] = [14 V Vo fUo -HU | Up, Vi Va] 

= {[uy, V [vat [uy, Vo uot Uy {[Me, V Vatt Liua vel} 

= [Uy, V [Va tg + vlt, Vo Jug + Uy[ Ua, Vy Va +H Uy Vy[ Me, Va] 
and 
[Uy Uo Vy Vo] = [U] Ug, Vy [Va FH V[U Uy, Va] 

= [uy Vi Uo Vo +H Uy[ Ug, Vy VoH v [ur Voltt V1 Ufe, Vol. 


Equating these two results, we obtain 


[ Uy, Va |(Ue Vo— Va Uo) = (Uy Vy — 8 Uy)[ Up, Val. 
Since this condition holds with u, and v, quite independent of u, and 


Və, we must have 7 
Uy Vy~— Vy Uy, = ihlu, v, |, 


Ug Va— Vz Ug = Ui] Uy, val, 
where 7, must not depend on u, and »,, nor on u, and v, and also 
must commute with (u,v,—v,u,). It follows that # must be simply 
a number. We want the P.B. of two real variables to be real, as in 
the classical theory, which requires. from the work at the top of p. 28, 
that % shall be a real number when introduced, as here, with the 
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coefficient 7. We are thus led to the following definition for the 
quantum P.B. [u,v] of any two variables u and v, 


uv—vu = thlu, v], (7) 


in which # is a new universal constant. It has the dimensions of 
action. In order that the theory may agree with experiment, we 
must take # equal to h/27, where h is the universal constant that 
was introduced by Planck, known as Planck’s constant. It is easily 
verified that the quantum P.B. satisfies all the conditions (2), (3), (4), 
(5), and (6). 

The problem of finding quantum conditions now reduces to the 
problem of determining P.B.s in quantum mechanics. The strong 
analogy between the quantum P.B. defined by (7) and the classical 
P.B. defined by (1) leads us to make the assumption that the quantum 
P.B.s, or at any rate the simpler ones of them, have the same values 
as the corresponding classical P.B.s. The simplest P.B.s are those 
involving the canonical coordinates and momenta themselves and 
have the following values in the classical theory : 


[99s] = 9, [Pr Ps] = 0, (8) 
[ar Ps] = O13. 

We therefore assume that the corresponding quantum P.B.s also 

have the values given by (8). By eliminating the quantum P.B.s 

with the help of (7), we obtain the equations 


Gr Is— Is Vr = 0, PrPs—PsPr = 0, | (9) 
Ir Ps—PsVr = M05; . 
which are the fundamental quantum conditions. They show us where 
the lack of commutability among the canonical coordinates and 
momenta lies. They also provide us with a basis for calculating com- 
mutation relations between other dynamical variables. For instance, 
if € and ņ are any two functions of the q’s and p’s expressible as 
power series, we may express éņn— né or [€, n], by repeated applica- 
tions of the laws (2), (3), (4), and (5), in terms of the elementary 
P.B.s given in (8) and so evaluate it. The result is often, in simple 
cases, the same as the classical result, or departs from the classical 
result only through requiring a special order for factors in a product, 
this order being, of course, unimportant in the classical theory. Even 
when é and ņ are more general functions of the q’s and p’s not ex- 
pressible as power series, equations (9) are still sufficient to fix the 
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value of €y—yn€, as will become clear from the following work. 
Equations (9) thus give the solution of the problem of finding the 
quantum conditions, for all those dynamical systems which have a 
classical analogue and which are describable in terms of canonical 
coordinates and momenta. This does not include all possible systems 
in quantum mechanics. 

Equations (7) and (9) provide the foundation for the analogy 
between quantum mechanics and classical mechanics. They show 
that classical mechanics may be regarded as the limiting case of quantum 
mechanics when i tends to zero. A P.B. in quantum mechanics is a 
purely algebraic notion and is thus a rather more fundamental con- 
cept than a classical P.B., which can be defined only with reference to 
a set of canonical coordinates and momenta. For thisreason canonical 
coordinates and momenta are of less importance in quantum mechanics 
than in classical mechanics; in fact, we may have a system in quan- 
tum mechanics for which canonical coordinates and momenta do 
not exist and we can still give a meaning to P.B.s. Such a system 
would be one without a classical analogue and we should not be able 
to obtain its quantum conditions by the method here described. 

From equations (9) we see that two variables with different suffixes 
rand s always commute. It follows that any function of q, and p, 
will commute with any function of q, and p, when s differs from r. 
Different values of r correspond to different degrees of freedom of the 
dynamical system, so we get the result that dynamical variables 
referring to different degrees of freedom commute. This law, as we have 
derived it from (9), is proved only for dynamical systems with 
classical analogues, but we assume it to hold generally. In this way 
we can make a start on the problem of finding quantum conditions 
for dynamical systems for which canonical coordinates and momenta 
do not exist, provided we can give a meaning to different degrees of 
freedom, as we may be able to do with the help of physical insight. 

We can now see the physical meaning of the division, which was 
discussed in the preceding section, of the dynamical variables into 
sets, any member of one set commuting with any member of another. 
Kach set corresponds to certain degrees of freedom, or possibly just 
one degree of freedom. The division may correspond to the physical 
process of resolving the dynamical system into its constituent parts, 
each constituent being capable of existing by itself as a physical 
system, and the various constituents having to be brought into 
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interaction with one another to produce the original system. Alterna- 
tively the division may be merely a mathematical procedure of 
resolving the dynamical system into degrees of freedom which cannot 
be separated physically, e.g. the system consisting of a particle with 
internal structure may be divided into the degrees of freedom describ- 
ing the motion of the centre of the particle and those describing the 
internal structure. 


22. Schrédinger’s representation 

Let us consider a dynamical system with n degrees of freedom 
having a classical analogue, and thus describable in terms of canonical 
coordinates and momenta q,,p, (r = 1,2,...,n). We assume that the 
coordinates q, are all observables and have continuous ranges of eigen- 
values, these assumptions being reasonable from the physical signifi- 
cance of the q’s. Let us set up a representation with the q’s diagonal. 
The question arises whether the q’s form a complete commuting set 
for this dynamical system. It seems pretty obvious from inspection 
that they do. We shall here assume that they do, and the assumption 
will be justified later (see top of p. 92). With the q’s forming a 
complete commuting set, the representation is fixed except for the 
arbitrary phase factors in it. 

Let us consider first the case of n = 1, so that there is only one q 


and p, satisfying ap—pq = th. (10) 


Any ket may be written in the standard ket notation $(q)>. From it 
we can form another ket dys/dq>, whose representative is the deriva- 
tive of the original one. This new ket is a linear function of the 
original one and is thus the result of some linear operator applied to 
the original one. Calling this linear operator d/dq, we have 


d dus 

— yS = N. il 

GP =a (11) 
Equation (11) holding for all functions % defines the linear operator 


d/dq. We have d 
—»> = 0. 12 
dq’ 0 (12) 


Let us treat the linear operator d/dq according to the general theory 
of linear operators of § 7. We should then be able to apply it to a bra 
<¢(qg), the product <¢d/dq being defined, according to (3) of § 7, by 


kaiho = alz) (13) 
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for all functions ¥(q). Taking representatives, we get 


d / / t 4 r dlg’) 
£ \q'> dq’ Hq’) = dy! ET). (14) 
| zl q Hla’) f so’ tig 

We can transform the right-hand side by ah integration and get 

d f t / d i 

| Zl da WG) = -| 20) ag yig’), (15) 
provided the contributions from the limits of integration vanish. 
This gives 4 d (= dlg 
dq q — a ’ 

showing that ` or = — -5 (16) 


Thus d/dq operating to the left on the conjugate complex of a wave 
function has the meaning of minus differentiation with respect to q. 

The validity of this result depends on our being able to make the 
passage from (14) to (15), which requires that we must restrict our- 
selves to bras and kets corresponding to wave functions that satisfy 
suitable boundary conditions. The conditions usually holding in 
practice are that they vanish at the boundaries. (Somewhat more 
general conditions will be given in the next section.) These conditions 
do not limit the physical applicability of the theory, but, on the con- 
trary, are usually required also on physical grounds. For example, 
if q is a Cartesian coordinate of a particle, its eigenvalues run from 
co to oo, and the physical requirement that the particle has zero 
probability of being at infinity leads to the condition that the wave 
function vanishes for g = +00. 

The conjugate complex of the linear operator d/dg can be evaluated 
by noting that the conjugate imaginary of d/dq. Wò or dib/dg> is 
<dib/dg, or —<bd/dq from (16). Thus the conjugate complex of d/dq 
is —d/dq, so d/dg is a pure imaginary linear operator. 

To get the representative of d/dg we note that, from an application 
of formula (63) of § 20, 


la"> = ölq—q")), (17) 

so that dan = 2 Stg—g" (18) 
f H i 

and hence <q’ FF Te = e—a’) (19) 


The representative of dda involves the derivative of the 8 function. 
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Let us work out the commutation relation connecting d/dq with q. 
We have 


d B ae 
ab = FE = Ftp. (20) 
Since this holds for any ket M we have 
| d d 
g lu (21) 


Comparing this result with (10), we see that —2id/dq satisfies the 
same commutation relation with q that p does. 

To extend the foregoing work to the case of arbitrary n, we write 
the general ket as b(q1..-qn)> = %> and introduce the n linear opera- 
tors 3/ðq, (r = 1,... n), which can operate on it in accordance with 
the formula 


ð Oxf 
m 25 e 2 
ôq, ub» TA (2 ) 
corresponding to (11). We have 
—\ = 23 
= (23) 


corresponding to (12). Provided we restrict ourselves to bras and 
kets corresponding to wave functions satisfying suitable boundary 
conditions, these linear operators can operate also on bras, in accor- 
dance with the formula 3 3 ap 

O50 = gq. 
corresponding to (16). Thus 0/éq, can operate to the left on the 
conjugate complex of a wave function, when it has the meaning of 
minus partial differentiation with respect to g,. We find as before 
that each 0/éq, is a pure imaginary linear operator. Corresponding 
to (21) we have the commutation relations 

ð o 


(24) 


—_g—¢g.—-=5.. 25 
aq, aa, Ong (25) 
We have further 
ð ô A ô ô 
- OY, ds alâ êA, ag,” 
showing that oe = KA KA (27) 


OF, 3ds 4's Oy 
Comparing (25) and (27) with (9), we see that the linear operators 
—ih d/dq, satisfy the same commutation relations with the qs and with 
each other that the p’s do. 
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It would be possible to take 
P, = —h 0/04, (28) 

without getting any inconsistency. This possibility enables us to see 
that the gs must form a complete commuting set of observables, 
since it means that any function of the q’s and p’s could be taken 
to be a function of the q’s and —72% 0/éq’s and then could not commute 
‘with all the q’s unless it is a function of the q’s only. 

The equations (28) do not necessarily hold. But in any case the 
quantities p, +t% 0/0q, each commute with all the q’s, so each of them 
is a function of the q’s, from Theorem 2 of §19. Thus 


Pr = — oh 6/09,+-F,(q)- (29) 
Since p, and —i#0/ég, are both real, f.(q) must be real. For any 
function f of the g’s we have 


yy = fe pir 
AE AAE AA 
ô ðo af 


showing that —f—f— = (30) 
ôq, og, 24, 
With the help of (29) we can now deduce the general formula 
This formula may be written in P.B. notation 
EEA = of /0¢,, (32) 


when it is the same as in the classical theory, as follows from (1). 
Multiplying (27) by (—7)? and substituting for —iň 0/ag, and — ih 0/éq, 
their values given by (29), we get 

(P,—},)(Ps—Ffs) = (Ps—f (P; — f) 
which reduces, with the help of the quantum condition p, p, = P; P, tO 


PrJo+HfrPs = Psfr tfs Pr 
This reduces further, with the help of (31), to 


aflad, = 8f- ds, (33) 
showing that the functions f, are all of the form 
f, = F [ôq, (34) 
with F independent of r. Equation (29) now becomes 
P, = —hd/og,+ oF /aq,. (35) 


We have been working with a representation which is fixed to the 
extent that the q’s must be diagonal in it, but which contains arbitrary 
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phase factors. If the phase factors are changed, the operators 0/dq, 
get changed. It will now be shown that, by a suitable change in the 
phase factors, the function F in (35) can be made to vanish, so that 
equations (28) are made to hold. 

Using stars to distinguish quantities referring to the new repre- 
sentation with the new phase factors, we shall have the new basic 
bras connected with the previous ones by 


Lie In® | = OCT Gn (36) 
where y’ = y»(q’) is a real function of the q’’s. The new representa- 
tive of a ket is e’” times the old one, showing that e%b>* = >, so 


we get SE <= ety’ (37) 


as the connexion between the new standard ket and the original one. 
The new linear operator (¢/éq,)* satisfies, corresponding to (22), 


ob. y „p 
x — * a p-ty TT 
(ea) p*= aq,’ aq,” 
with the help of (37). Using (22), this aan 

i J by* = — ety p> = — ey ene 


showing that Fal = ein l ety, (38) 
ôq, ôq, 

or, with the help of (30), 
g= = riz. (39) 
og, i 

By choosing y so that F = an a constant, (40) 

(35) becomes p, = —h(o/Oq,)*. (41) 


Equation (40) fixes y except for an arbitrary constant, so the repre- 
sentation is fixed except for an arbitrary constant phase factor. 

In this way we see that a representation can be set up in which 
the q’s are diagonal and equations (28) hold. This representation 1s 
a very useful one for many problems. It will be called Schrédinger’s 
representation, as it was the representation in terms of which Schré- 
dinger gave his original formulation of quantum mechanics in 1926. 
Schrédinger’s representation exists whenever one has canonical q’s 
and p’s, and is completely determined by these q’s and p’s except for 
an arbitrary constant phase factor. It owes its great convenience to 
its allowing one to express immediately any algebraic function of the 
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q’s and p’s of the form of a power series in the p’s as an operator of 
differentiation, e.g. if eo Uns Da gere is such a function, we have 
1 n 1 Fn 


Filios Ino Piso Pn) = Fi dn: — th 0/0Q4;-++5 — nh 0/2q,); (42) 


provided we preserve the order of the factors in a product on substi- 
tuting the —7/ 0/éq’s for the 7's. 
From (23) and (28), we have 


D> = 0. (43) 


Thus the standard ket in Schrédinger’s representation is characterized 
by the condition that it is a simultaneous eigenket of all the momenta 
belonging to the eigenvalues zero. Some properties of the basic 
vectors of Schrédinger’s representation may also be noted. Equation 
(22) gives | 


orf 7 = — a In) 


r , o o r 1 
CREA ag? = == (qh. nl 5 = gg da dnl 


ôq, 
44 
Hence <h- hl = sar di Gn: (44) 
so that li Aal P, = 8 didal (45) 


Similarly, equation (24) leads to 
/ f "Fr © f r è 


23. The momentum representation 

Let us take a system with one degree of freedom, describable in 
terms of a g and p with the eigenvalues of g running from —oo to œ, 
and let us take an eigenket |p’) of p. Its representative in the Schro- 
dinger representation, <q’|p’>, satisfies 


t r / U r . d / / 
Pg |P'> = < pip > = ha a IP >; 
with the help of (45) applied to the case of one degree of freedom. 
The solution of this differential equation for <q‘|p’> is 
<q'|p’> = o erh, (47) 
where c’ = c(p’) is independent of g’, but may involve p’. 


The representative <q’ |p’> does not satisfy the boundary conditions 
of vanishing at g' = -Loo. This gives rise to some difficulty, which 
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shows itself up most directly in the failure of the orthogonality 
theorem. If we take a second eigenket |p” of p with representative 


<q'|p"> = c” etra, 
belonging to a different eigenvalue p”, we shall have 
<p'|p"> = f <p'la’> da’ <q'Ip"> = Co” | ee-e dg’. (48) 
This integral does not converge according to the usual definition of 
convergence. To bring the theory into order, we adopt a new defini- 
tion of convergence of an integral whose domain extends to infinity, 
analogous to the Cesaro definition of the sum of an infinite series. 
With this new definition, an integral whose value to the upper limit 
q’ is of the form cosagq’ or sinag’, with a a real number not zero, is 
counted as zero when q’ tends to infinity, i.e. we take the mean value 
of the oscillations, and similarly for the lower limit of g’ tending to 
minus infinity. This makes the right-hand side of (48) vanish for 
p” Æ p', 80 that the orthogonality theorem is restored. Also it makes 
the right-hand sides of (13) and (14) equal when ¢¢ and > are eigen- 
vectors of p, so that eigenvectors of p become permissible vectors to 
use with the operator d/dg. Thus the boundary conditions that the 
representative of a permissible bra or ket has to satisfy become 
extended to allow the representative to oscillate like cos ag’ or sin ag’ 
as q’ goes to infinity or minus infinity. 
For p” very close to p’, the right-hand side of (48) involves a ô 
function. To evaluate it, we need the formula 
Í eias dæ = 2m 8(a) (49) 
for real a, which may be proved as follows. The formula evidently 
holds for a different from zero, as both sides are then zero. Further 
we have, for any continuous function f(a), 


ino da [eta da = ino da 2a—sinag = 2nf(0) . 


in the limit when g tends to infinity. A more complicated argument 
shows that we get the same result if instead of the limits g and —g 
we put g, and —g,, and then let g, and g, tend to infinity in different 
ways (not too widely different). This shows the equivalence of both 
sides of (49) as factors in an integrand, which proves the formula. 
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With the help of (49), (48) becomes 
<p'|p"> = c'c" 2m 3[(p'—p")/hi] = c'c" h8(p'—p") 
= |e’ Phd(p'—p"). (50) 

We have obtained an eigenket of p belonging to any real eigenvalue 
p', its representative being given by (47). Any ket |X> can be ex- 
panded in terms of these eigenkets of p, since its representative 
<q'|X> can be expanded in terms of the representatives (47) by 
Fourier analysis. It follows that the momentum p is an observable, 
in agreement with the experimental result that momenta can be 
observed. 

A symmetry now appears between g and p. Each of them is an 
observable with eigenvalues extending from —oco to œ, and the 
commutation relation connecting g and p, equation (10), remains 
invariant if we interchange q and p and write —i fori. We have set 
up a representation in which q is diagonal and p = —ihd/dq. It 
follows from the symmetry that we can also set up a representation 
in which p is diagonal and 

q = hd/dp, (51) 


the operator d/dp being defined by a procedure similar to that used 
for d/dq. This representation will be called the momentum representa- 
tion. It is less useful than the previous Schrédinger representation 
because, while the Schrödinger representation enables one to express 
as an operator of differentiation any function of q and p that is a 
power series in p, the momentum representation enables one so to 
express any function of q and p that is a power series in q, and the 
important quantities in dynamics are almost always power series in 
p but are often not power series in g. All the same the momentum 
representation is of value for certain problems (see § 50). 

Let us calculate the transformation function <q’|p’> connecting the 
two representations. The basic kets |p’) of the momentum representa- 
tion are eigenkets of p and their Schrödinger representatives <q'|p’> 
are given by (47) with the coefficients c’ suitably chosen. The phase 
factors of these basic kets must be chosen so as to make (51) hold. 
The easiest way to bring in this condition is to use the symmetry 
between q and p referred to above, according to which <q’|p’> must 
go over into <p’|q’> if we interchange q’ and p’ and write —t for 1. 
Now <q’ |p’> is equal to the right-hand side of (47) and <p’|q’> to the 
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conjugate complex expression, and hence c’ must be independent of 
p’. Thus c’ is just a number c. Further, we must have 


<p'|p"> = 8(p'—p"), 
which shows, on comparison with (50), that Je] = h-. We can choose 
the arbitrary constant phase factor in either representation so as to 
make c = h-?, and we then get 

Y'|p'> = h-hetpalh (52) 
for the transformation function. | 

The foregoing work may easily be generalized to a system with 

n degrees of freedom, describable in terms of n q’s and p’s, with the 
eigenvalues of each g running from —co to œ. Each p will then be 
an observable with eigenvalues running from —o to œ, and there 
will be symmetry between the set of g’s and the set of p’s, the 
commutation relations remaining invariant if we interchange each q, 
with the corresponding p, and write —7 for 7. A momentum repre- 
sentation can be set up in which the p’s are diagonal and each 


q, = th 0/0p,. (53) 
The transformation function connecting it with the Schrödinger 
representation will be given by the product of the transformation 
functions for each degree of freedom separately, as is shown by 
formula (67) of § 20, and will thus be 
Cdi Gas+-Tn|P1 PaPa? = SKIPI Ial P-an] Pr 


—— honei ti +P, 0+ tP Ile (54) 


24. Heisenberg’s principle of uncertainty 
For a system with one degree of freedom, the Schrödinger and the 
momentum representatives of a ket | X> are connected by 


(p X> = h | eta dq’ (q'|X), 
Ta (55) 
Cq |X> = h | eidet dp’ <p'| X). 


These formulas have an elementary significance. They show that 
either of the representatives 1s given, apart from numerical coefficients, 
by the amplitudes of the Fourier components of the other. 

It is interesting to apply (55) to a ket whose Schrödinger repre- 
sentative consists of what is called a wave packet. This is a function 
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whose value is very small everywhere outside a certain domain, of 
width Aq’ say, and inside this domain is approximately periodic with 
a definite frequency.{ If a Fourier analysis is made of such a wave 
packet, the amplitude of all the Fourier components will be small, 
except those in the neighbourhood of the definite frequency. The 
components whose amplitudes are not small will fill up a frequencyt 
band whose width is of the order 1/Agq’, since two components whose 
frequencies differ by this amount, if in phase in the middle of the 
domain Aq’, will be just out of phase and interfering at the ends of 
this domain. Now in the first of equations (55) the variable 
(Qcr)-1p' |i = p'/h plays the part of frequency. Thus with <g'|X> of the 
form of a wave packet, the function <p’|X)>, being composed of the 
amplitudes of the Fourier components of the wave packet, will be 
small everywhere in the p’-space outside a certain domain of width 
Ap’ = h/Aq’. 

Let us now apply the physical interpretation of the square of the 
modulus of the representative of a ket as a probability. We find that 
our wave packet represents a state for which a measurement of g is 
almost certain to lead to a result lying in a domain of width Ag’ and 
a measurement of p is almost certain to lead to a result lying in a 
domain of width Ap’. We may say that for this state qg has a definite 
value with an error of order Aq’ and p has a definite value with an 
error of order Ap’. The product of these two errors is 


Aq'Ap' = h. (56) 


Thus the more accurately one of the variables q,p has a definite 
value, the less accurately the other has a definite value. For a system 
with several degrees of freedom, equation (56) applies to each degree 
of freedom separately. 

Equation (56) is known as Heisenberg’s Principle of Uncertainty. 
It shows clearly the limitations in the possibility of simultaneously 
assigning numerical values, for any particular state, to two non- 
commuting observables, when those observables are a canonical co- 
ordinate and momentum, and provides a plain illustration of how 
observations in quantum mechanics may be incompatible. It also 
shows how classical mechanics, which assumes that numerical values 
can.be assigned simultaneously to all observables, may be a valid 
approximation when k can be considered as small enough to be 


į Frequency here means reciprocal of wave-length. 
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negligible. Equation (56) holds only in the most favourable case, 
which occurs when the representative of the state is of the form of a 
wave packet. Other forms of representative would lead to a Aq’ and 
Ap’ whose product is larger than A. 

Heisenberg’s principle of uncertainty shows that, in the limit when 
either q or p is completely determined, the other is completely 
undetermined. This result can also be obtained directly from the 
transformation function <q’|p’>. According to the end of § 18, 
|<q’|p’>|? dq’ is proportional to the probability of g having a value in 
the small range from q’ to g'-++dq’ for the state for which p certainly 
has the value p’, and from (52) this probability is independent of q’ 
for a given dq’. Thus if p certainly has a definite value p’, all values 
of g are equally probable. Similarly, if g certainly has a definite value 
q, all values of p are equally probable. 

It is evident physically that a state for which all values of q are 
equally probable, or one for which all values of p are equally probable, 
cannot be attained in practice, in the first case because of limitations 
of size and in the second because of limitations of energy. Thus an 
eigenstate of p or an eigenstate of g cannot be attained in practice. 
The argument at the end of § 12 already showed that such eigenstates 
are unattainable, because of the infinite precision that would be 
needed to set them up, and we now have another argument leading 
to the same conclusion. 


25. Displacement operators 

We get a new insight into the meaning of some of the quantum con- 
ditions by making a study of displacement operators. These appear 
in the theory when we take into consideration that the scheme of 
relations between states and dynamical variables given in Chapter IT 
is essentially a physical scheme, so that if certain states and dynamical 
variables are connected by some relation, on our displacing them all 
in a definite way (for example, displacing them all through a distance 
dx in the direction of the x-axis of Cartesian coordinates), the new 
states and dynamical variables would have to be connected by the 
same relation. 

The displacement of a state or observable is a perfectly definite 
process physically. Thus to displace a state or observable through a 
distance ôx in the direction of the x-axis, we should merely have to 
displace all the apparatus used in preparing the state, or all the 
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apparatus required to measure the observable, through the distance 
Sz in the direction of the z-axis, and the displaced apparatus would 
define the displaced state or observable. The displacement of a 
dynamical variable must be just as definite as the displacement of 
an observable, because of the close mathematical connexion between 
dynamical variables and observables. A displaced state or dynamical 
variable is uniquely determined by the undisplaced state or dynami- 
cal variable together with the direction and magnitude of the dis- 
placement. 

The displacement of a ket vector is not such a definite thing though. 
If we take a certain ket vector, it will represent a certain state and we 
may displace this state and get a perfectly definite new state, but this 
new state will not determine our displaced ket, but only the direction 
of our displaced ket. We help to fix our displaced ket by requiring 
that it shall have the same length as the undisplaced ket, but even 
then it is not completely determined, but can still be multiplied by 
an arbitrary phase factor.. One would think at first sight that each 
ket one displaces would have a different arbitrary phase factor, 
but with the help of the following argument, we see that it must be 
the same for them all. We make use of the law that superposition 
relationships between states remain invariant under the displace- 
ment. A superposition relationship between states is expressed 
mathematically by a linear equation between the kets corresponding 
to those states, for example i 


| > = ¢jA>+¢,|B), (57) 
where c, and c, are numbers, and the invariance of the superposition 
relationship requires that the displaced states correspond to kets 


with the same linear equation between them—in our example they 
would correspond to |Rd>, |Ad>, |Bd> say, satisfying 


Rd = c,|Ad>+c,| Bd). (58) 


We take these kets to be our displaced kets, rather than these kets 
multiplied by arbitrary independent phase factors, which latter 
kets would satisfy a linear equation with different coefficients c,, Ca. 
The only arbitrariness now left in the displaced kets is that of a single 
arbitrary phase factor to be multiplied into all of them. 

The condition that linear equations between the kets remain in- 
variant under the displacement and that an equation such as (58) 
holds whenever the corresponding (57) holds, means that the dis- 
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placed kets are linear functions of the undisplaced kets and thus each 
displaced ket |Pd> is the result of some linear operator applied to the 
corresponding undisplaced ket |P>. In symbols, 
|Pd> = D|P», (59) 
where D is a linear operator independent of | P> and depending only 
on the displacement. The arbitrary phase factor by which all the 
displaced kets may be multiplied results in D being undetermined 
to the extent of an arbitrary numerical factor of modulus unity. 
With the displacement of kets made definite in the above manner 
and the displacement of bras, of course, made equally definite, 
through their being the conjugate imaginaries of the kets, we can 
now assert that any symbolic equation between kets, bras, and 
dynamical variables must remain invariant under the displacement 
of every symbol occurring in it, on account of such an equation 
having some physical significance which will not get changed by the 


displacement. 
Take as an example the equation 
(QIP) = c, 
c being a number. Then we must have 
(Qd|Pd> = c = <Q| P). (60) 
From the conjugate imaginary of (59) with Q instead of P, 
<Qd| = <Q|D. (61) 
Hence (60) gives <Q|DD|P> = <QI| P). 
Since this holds for arbitrary <Q| and |P>, we must have 
DD = 1, (62) 


giving us a general condition which D has to satisfy. 
Take as a second example the equation 


v| P> = |B), 
where v is any dynamical variable. Then, using vz to denote the 
displaced dynamical variable, we must have 

val Pady = |Rd). 
With the help of (59) we get 
val P&A = D|R> = Do|P> = DvD" Pd. 

Since |Pd> can be any ket, we must have 

vq = DvD-}, (63) 


3595-57 H 
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which shows that the linear operator D determines the displacement 
of dynamical variables as well as that of kets and bras. Note that 
the arbitrary numerical factor of modulus unity in D does not affect 
vz, and also it does not affect the validity of (62). 

Let us now pass to an infinitesimal displacement, i.e. taking the 
displacement through the distance ôx in the direction of the x-axis, 
let us make z -> 0. From physical continuity we should expect 
a displaced ket |Pd> to tend to the original |P> and we may further 


expect the limit . 
m |Pd>—|P> a D1 


li A = lim ——— |P 
x0 ÒL 3-0 6x iP? 
to exist. This requires that the limit 
lim (D—1)/éx (64) 
5x0 


shall exist. This limit is a linear operator which we shall call the 
displacement operator for the x-direction and denote by d,. The 
arbitrary numerical factor et” with y real which we may multiply 
into D must be made to tend to unity as ôx —> 0 and then introduces 
an arbitrariness in d,, namely, d, may be replaced by 

lim (De'y—1)/8x = lim (D—1-+ty)/8x = dy +H iay 

5x0 8x0 
where a, is the limit of y/òx. Thus d, contains an arbitrary additive 
pure imaginary number. -— 


For ôx small D = 1+ 8ad,,. : (65) 
Substituting this into (62), we get 
(1-+8xd,)(1+3ed,) = 1, 
which reduces, with neglect of 62?, to 
Sa(d,+d,,) = 0. 
Thus d, is a pure imaginary linear operator. Substituting (65) into 
(63) we get, with neglect of òr? again, 


vq = (1+é6xd,)v(1—dixd,) = v+é6a(d,v—v dz), (66) 
showing that Tim (vg—v)/dx = d,v—vd,. (67) 
x-+0 


We may describe any dynamical system in terms of the following 
dynamical variables: the Cartesian coordinates x,y,z of the centre of 
mass of the system, the components Py, Py, Pz of the total momentum 
of the system, which are the canonical momenta conjugate to x,y,z 
respectively, and any dynamical variables needed for describing 
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internal degrees of freedom of the system. If we suppose a piece 
of apparatus which has been set up to measure x, to be displaced a 
distance 5x in the direction of the x-axis, it will measure x—6x, hence 


ty = T— ÒL. 
Comparing this with (66) for v = x, we obtain 
d,,x—xd, = —1. (68) 


This is the quantum condition connecting d, with x. From similar 
arguments we find that y, Z, Pr Py P: and the internal dynamical vari- 
ables, which are unaffected by the displacement, must commute with 
d,. Comparing these results with (9), we see that #d, satisfies just 
the same quantum conditions as p,. Their difference, p,—ihd,, 
commutes with all the dynamical variables and must therefore be a 
number. This number, which is necessarily real since p, and iid, are 
both real, may be made zero by a suitable choice of the arbitrary, 
pure imaginary number that can be added to d,. We then have the 


result p, = ide, (69) 


or the x-component of the total momentum of the system is th times the 
displacement operator d,. 

This is a fundamental result, which gives a new significance to 
displacement operators. There is a corresponding result, of course, 
also for the y and z displacement operators d, and d,. The quantum 
conditions which state that p,, p, and p, commute with each other 
are now seen to be connected with the fact that displacements in 
different directions are commutable operations. 


26. Unitary transformations 
Let U be any linear operator that has a reciprocal U-* and con- 
sider the equation yt = UaU, (70) 


œ being an arbitrary linear operator. This equation may be regarded 
as expressing a transformation from any linear operator a to a 
corresponding linear operator «*, and as such it has rather remarkable 
properties. In the first place it should be noted that each «* has the 
same eigenvalues as the corresponding «; since, if «’ is any eigenvalue 
of œ and |a’) is an eigenket belonging to it, we have 
ala > = a’ |x’ 
and hence 


a*U |æ = UaU-tU |x") = Uala’> = «'U |a’), 
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showing that U|a’> is an eigenket of «* belonging to the same eigen- 
value a’, and similarly any eigenvalue of «* may be shown to be also 
an eigenvalue of x. Further, if we take several «’s that are connected 
by algebraic equations and transform them all according to (70), the 
corresponding «*’s will be connected by the same algebraic equations. 
This result follows from the fact that the fundamental algebraic pro- 
cesses of addition and multiplication are left invariant by the trans- 
formation (70), as is shown by the following equations: 


(aita) = Ulata) U = UaU tUa 0-1} = a¥ + 0%, 
(a1 O&y)* = Ua a U7 = Ua, UU ay U- = a® ok. 
Let us now see what condition would be imposed on U by the 


requirement that any real œ transforms into a real «*. Equation 


(70) may be written wt <= Ua. (71) 


Taking the conjugate complex of both sides in accordance with 
(5) of § 8 we find, if œ and «* are both real, 


Ua* = aU. (72) 
Equation (71) gives us OUatU = 0Ua 
and equation (72) gives us 
Uoa*U = aJU. 
Hence UUa = aUU. 


Thus UU commutes with any real linear operator and therefore also 
with any linear operator whatever, since any linear operator can be 
expressed as one real one plus 7 times another. Hence UU is:a 
number. It is obviously real, its conjugate complex according to (5) 
of § 8 being the same as itself, and further it must be a positive 
number, since for any ket |P>, <P|UU|P) is positive as well as 
<P|P>. We can suppose it to be unity without any loss of generality 
in the transformation (70). We then have 


UU = 1. (73) 


Equation (73) is equivalent to any of the following 


U = UH, U = Ut, U-10-1 = 1. (74) 

A matrix or linear operator U that satisfies (73) and (74) is said 
to be unitary and a transformation (70) with unitary U is called a 
unitary transformation. A unitary transformation transforms real 
linear operators into real linear operators and leaves invariant any 
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algebraic equation between linear operators. It may be considered 
as applying also to kets and bras, in accordance with the equations 

IP*) = U|P>,  <P*| = <P|U = <P|U-, (75) 
and then it leaves invariant any algebraic equation between linear 
operators, kets, and bras. It transforms eigenvectors of « into eigen- 
vectors of «*. From this one can easily deduce that it transforms an 
observable into an observable and that it leaves invariant any func- 
tional relation between observables based on the general definition 
of a function given in § 11. 

The inverse of a unitary transformation is also a unitary trans- 
formation, since from (74), if U is unitary, U~? is also unitary. 
Further, if two unitary transformations are applied in succession, 
the result is a third unitary transformation, as may be verified in 
the following way. Let the two unitary transformations be (70) and ` 

al = Vat yV. . 
The connexion between «a! and « is then 
al = VUaU y- 
= (VU)a(VU)-1 (76) 
from (42) of §11. Now VU is unitary since 
VUVU = UVVU = UU = 1, 
and hence (76) is a unitary transformation. 

The transformation given in the preceding section from undisplaced 
to displaced quantities is an example of a unitary transformation, as 
is shown by equations (62), (63), corresponding to equations (73), 
(70), and equations (59), (61), corresponding to equations (75). 

In classical mechanics one can make a transformation from the 
canonical coordinates and momenta q, p, (r = 1,..,n) to a new set of 
variables g*, p* (r = 1,..,n) satisfying the same P.B. relations as the 
q’s and p’s, i.e. equations (8) of § 21 with g*’s and p*’s replacing the 
q's and p’s, and can express all dynamical variables in terms of the q*’s 
and p*’s. The g*’s and p*’s are then also called canonical coordinates 
and momenta and the transformation is called a contact transforma- 
tion. One can easily verify that the P.B. of any two dynamical 
variables u and v is correctly given by formula (1) of § 21 with g*’s and 
p*’s instead of g’s and p’s, so that the P.B. relationship is invariant 
under a contact transformation. This results in the new canonical 
coordinates and momenta being on the same footing as the original 
ones for many purposes of general dynamical theory, even though the 


106 THE QUANTUM CONDITIONS § 26 


new coordinates g* may not be a set of Lagrangian coordinates but 
may be functions of the Lagrangian coordinates and velocities. 

It will now be shown that, for a quantum dynamical system that 
has a classical analogue, unitary transformations in the quantum theory 
are the analogue of contact transformations in the classical theory. 
Unitary transformations are more general than contact transforma- 
tions, since the former can be applied to systems in quantum 
mechanics that have no classical analogue, but for those systems in 
quantum mechanics which are describable in terms of canonical 
coordinates and momenta, the analogy between the two kinds of 
transformation holds. To establish it, we note that a unitary trans- 
formation applied to the quantum variables q,, p, gives new variables - 
g*,p* satisfying the same P.B. relations, since the P.B. relations are 
equivalent to the algebraic relations (9) of § 21 and algebraic relations 
are left invariant by a unitary transformation. Conversely, any real 
variables g*, p* satisfying the P.B. relations for canonical coordinates 
and momenta are connected with the g,,p, by a unitary transforma- 
tion, as is shown by the following argument. 

We use the Schrödinger representation, and write the basic ket 
Idia as |g’> for brevity. Since we are assuming that the gi, p* 
satisfy the P.B. relations for canonical coordinates and momenta, 
we can set up a Schrödinger representation referring to them, with 
the g* diagonal and each p* equal to —iia/ég*. The basic kets in 
this second Schrödinger representation will be |q?’...¢%’>, which we 
write |g*’> for brevity. Now introduce the linear operator U defined by 


<q*' |U\q’> = 8(¢*'—7’), (77) 
where 6(q*’—q’) is short for 
8(q*'—q’) = Èl —G)8(G’ —&).--8(98 — qn). (78) 


The conjugate complex of (77) is 


<q' [U la*> = 8(q*’—q'), 
and hencet 


<q |TU|g"> = | <a'|Tlg*’> da* <a 1U" 
= | è(g*'—g') dg” 8(g*'—9’) 


= o(q’—q"), 
so that UU =1. 


t We use the notation of a single integral sign and dg*’ to denote an integral over 
all the variables git’, ¢i’,.... gn’. This abbreviation will be used also in future work. 
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Thus U is a unitary operator. We have further 

lar U g> = ar l —g') 
and <q*' |Ug,l1g > = èlg* —g' g 
The right-hand sides of these two equations are equal on account of - 
the property of the 6 function (11) of § 15, and hence 


q; U = Uq, 
or gy = Uq, U~. 
Again, from (45) and (46), 
rt ook t . 4 t , 
pr Ulg> = ee OT —7); 


1 ? ° ð fd ld 
<q4*¥ Up, = KET 5(q*’—q’). 


The right-hand sides of these two equations are obviously equal, and 


hence p*U = Up, 


or pf = Up, U~. 
Thus all the conditions for a unitary transformation are verified. 


We get an infinitesimal unitary transformation by taking U in (70) 
to differ by an infinitesimal from unity. Put 


U = lief, 
where e is infinitesimal, so that its square can be neglected. Then 
U- = liet. 


The unitary condition (73) or (74) requires that F shall be real. The 
transformation equation (70) now takes the form 


a*® = (ltteF )a(1—tel), 


which gives a*—q = te(Pa—al’). (79) 
It may be written in P.B. notation 
a*—q = efila, F]. (80) 


If «is a canonical coordinate or momentum, this is formally the same 
as a classical infinitesimal contact transformation. 


y 
THE EQUATIONS OF MOTION 


27. Schrödinger’s form for the equations of motion 

OUR work from § 5 onwards has all been concerned with one instant 
of time. It gave the general scheme of relations between states and 
dynamical variables for a dynamical system at one instant of time. 
To get a complete theory of dynamics we must consider also the 
connexion between different instants of time. When one makes an 
observation on the dynamical system, the state of the system gets 
changed in an unpredictable way, but in between observations 
causality applies, in quantum mechanics as in classical mechanics, 
and the system is governed by equations of motion which make the 
state at one time determine the state at a later time. These equations 
of motion we now proceed to study. They will apply so long as the 
dynamical system is left undisturbed by any observation or similar 
process.t Their general form can be deduced from the principle of 
superposition of Chapter I. 

Let us consider a particular state of motion throughout the time 
during which the system is left undisturbed. We shall have the state 
at any time f corresponding to a certain ket which depends on ¢ and 
which may be written |¢>. If we deal with several of these states of 
motion we distinguish them by giving them labels such as A, and we 
then write the ket which corresponds to the state at time ¢ for one 
of them |At). The requirement that the state at one time determines 
the state at another time means that |At,> determines |At> except 
for a numerical factor. The principle of superposition applies to these 
states of motion throughout the time during which the system is 
undisturbed, and means that if we take a superposition relation 
holding for certain states at time t, and giving rise to a linear equation 
between the corresponding kets, e.g. the equation 


| fity> = C,|Aty>+¢,| Bio), 
the same superposition relation must hold between the states of 


motion throughout the time during which the system is undisturbed 
and must lead to the same equation between the kets corresponding 
+ The preparation of a state is a process of this kind. It often takes the form of 


making an observation and selecting the system when the result of the observation 
turns out to be a cortain pre-assigned number. 
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to these states at any time ¢ (in the undisturbed time interval), Le. 
the equation [Rty = ¢,|At)+05| Bt), 
provided the arbitrary numerical factors by which these kets may be 
multiplied are suitably chosen. It follows that the |Pé>’s are linear 
functions of the |Pf,>’s and each |Pt> is the result of some linear 
operator applied to |Pi,>. In symbols 

| Pt) = T|Pto>, (1) 
where T is a linear operator independent of P and depending only 
on ¢ (and to). 

We now assume that each |Pi> has the same length as the corre- 
sponding |Pi,>. It is not necessarily possible to choose the arbitrary 
numerical factors by which the |Pt>’s may be multiplied so as to 
make this so without destroying the linear dependence of the |P#>’s 
on the |Pé,>’s, so the new assumption is a physical one and not just 
a question of notation. It involves a kind of sharpening of the 
principle of superposition. The arbitrariness in |Pé) now becomes 
merely a phase factor, which must be independent of P in order that 
the linear dependence of the |Pt>’s on the | Pt)>’s may be preserved. 
From the condition that the length of c,|Pt>-+c¢,|Qt> equals that of 
C,|Pip>+¢,|Qto> for any complex numbers c¢,, Co, we can deduce that 

(Qt|Pt> = <Qtol Pto). 3) 

The connexion between the |Pt>’s and |Pi,>’s is formally similar 
to the connexion we had in § 25 between the displaced and undisplaced 
kets, with a process of time displacement instead of the space displace- 
ment of § 25. Equations (1) and (2) play the part of equations (59) 
and (60) of § 25. We can develop the consequences of these equations 
as in § 25 and can deduce that T contains an arbitrary numerical 
factor of modulus unity and satisfies 

TT = 1, (3) 
corresponding to (62) of § 25, so T ts unitary. We pass to the infinitesi- 
mal case by making t > tọ and assume from physical continuity that 
the limit a |Pt)—|Pt,> 

tty t—ty 
exists. This limit is just the derivative of |Pt,> with respect to tọ. 
From (1) it equals 
dP _ flim an |Ptg>. (4) 
dty 
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The limit operator occurring here is, like (64) of § 25, a pure imaginary 
linear operator and is undetermined to the extent of an arbitrary 
additive pure imaginary number. Putting this limit operator multi- 
plied by 7% equal to H, or rather H(t) since it may depend on fp, 
equation (4) becomes, when written for a general t, 


„alPi l 
ha = H(t) Pt. (5) 


Equation (5) gives the general law for the variation with time of 
the ket corresponding to the state at any time. It is Schrödingers 
form for the equations of motion. It involves just one real linear 
operator H(t), which must be characteristic of the dynamical system 
under consideration. We assume that H(t) is the total energy of 
the system. ‘There are two justifications for this assumption, (i) the 
analogy with classical mechanics, which will be developed in the 
next section, and (ii) we have H(t) appearing as 7% times an operator 
of displacement in time similar to the operators of displacement in 
the z, y, and z directions of § 25, so corresponding to (69) of § 25 
we should have H(t) equal to the total energy, since the theory of 
relativity puts energy in the same relation to time as momentum to 
distance. 

We assume on physical grounds that the total energy of a system 
is always an observable. For an isolated system it is a constant, and 
may then be written H. Even when it is not a constant we shall often 
write it simply H, leaving its dependence on £ understood. If the 
energy depends on /, it means the system is acted on by external 
forces. An action of this kind is to be distinguished from a distur- 
bance caused by a process of observation, as the former is compatible 
with causality and equations of motion while the latter is not. 

We can get a connexion between H(t) and the T of equation (1) 
by substituting for |Pt> in (5) its value given by equation (1). This 
gives r 
in Pto = H(t)T|Pi,>. 

Since |Pi,> may be any ket, we have 
in = HOT. (6) 


Equation (5) is very important for practical problems, where it is 
usually used in conjunction with a representation. Introducing a 
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representation with a complete set of commuting observables é 
diagonal and putting <&’| Pi equal to (Et), we have, passing to the | 
standard ket notation, Piy = w(ét)). 


Equation (5) now becomes 
ËE) = Hp). 7) 


Equation (7) is known as Schrédinger’s wave equation and its solutions 
w(t) are time-dependent wave functions. Each solution corresponds to 
a state of motion of the system and the square of its modulus gives ʻ 
the probability of the £s having specified values at any time t. For 
a system describable in terms of canonical coordinates and momenta 
we may use Schroédinger’s representation and can then take H to be 
an operator of differentiation in accordance with (42) of § 22. 


28. Heisenbers’s form for the equations of motion 

In the preceding section we set up a picture of the states of 
undisturbed motion by making each of them correspond to a moving 
ket, the state at any time corresponding to the ket at that time. We 
shall call this the Schrodinger picture. Let us apply to our kets the 
unitary transformation which makes each ket |a go over into 

ja*> = T|a). l (8) 
This transformation is of the form given by (75) of § 26 with 7'-! for 
U, but it depends on the time t since T depends on ¢. It is thus to be 
pictured as the application of a continuous motion (consisting of 
rotations and uniform deformations) to the whole ket vector space. 
A ket which is originally fixed becomes a moving one, its motion being 
given by (8) with |a independent of t. On the other hand, a ket 
which is originally moving to correspond to a state of undisturbed 
motion, i.e. in accordance with equation (1), becomes fixed, since on 
substituting |Pé> for |a> in (8) we get |a*> independent of t. Thus 
the transformation brings the kets corresponding to states of undisturbed 
motion to rest. 

The unitary transformation must be applied also to bras and linear 
operators, in order that equations between the various quantities may 
remain invariant. The transformation applied to bras is given by the 
conjugate imaginary of (8) and applied to linear operators it is given 
by (70) of § 26 with T-t for U, i.e. 

a*% = T-T. (9) 
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A linear operator which is originally fixed transforms into a moving 
linear operator in general. Now a dynamical variable corresponds to 
a linear operator which is originally fixed (because it does not refer 
to t at all), so after the transformation it corresponds to a moving 
linear operator. The transformation thus leads us to a new picture 
of the motion, in which the states correspond to fixed vectors and 
the dynamical variables to moving linear operators. We shall call 
this the Hersenberg picture. 

The physical condition of the dynamical system at any time 
inyolves the relation of the dynamical variables to the state, and 
the change of the physical condition with time may be ascribed 
either to a change in the state, with the dynamical variables kept 
fixed, which gives us the Schrédinger picture, or to a change in the 
dynamical variables, with the state kept fixed, which gives us the 
Heisenberg picture. 

In the Heisenberg picture there are equations of motion for the 
dynamical variables. Take a dynamical variable corresponding to 
the fixed linear operator v in the Schrédinger picture. In the Heisen- 
berg picture it corresponds to a moving linear operator, which we 
write as v, instead of v*, to bring out its dependence on ¢, and which 


is given by v, = ToT (10) 
or Tv, = vT. 
Differentiating with respect to t, we get 
| = dv yee 
y at T = vT 


With the help of (6), this gives 


HT opine! = vHT 
, dv, — r — 
or ih = T~vHT—T AT», 
= vH Hv, (11) 
where H, = THAT. (12) 
Equation (11) may be written in P.B. notation 
Oe 


= [va H]. (13) 
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Equation (11) or (13) shows how any dynamical variable varies 
with time in the Heisenberg picture and gives us Hezsenberg’s form 
for the equations of motion. These equations of motion are determined 
by the one linear operator H,, which is just the transform of the linear 
operator H occurring in Schrédinger’s form for the equations of 
motion and corresponds to the energy in the Heisenberg picture. We 
shall call the dynamical variables in the Heisenberg picture, where 
they vary with the time, Heisenberg dynamical variables, to distinguish 
them from the fixed dynamical variables of the Schrödinger picture, 
which we shall call Schrödinger dynamical variables. Each Heisenberg 
dynamical variable is connected with the corresponding Schrodinger 
dynamical variable by equation (10). Since this connexion is a unitary 
transformation, all algebraic and functional relationships are the 
same for both kinds of dynamical variable. We have T = 1 for 
t = ty, so that v, = v and any Heisenberg dynamical variable at time 
t, equals the corresponding Schrödinger dynamical variable. 

Equation (13) can be compared with classical mechanics, where we 
also have dynamical variables varying with the time. The equations 
of motion of classical mechanics can be written in the Hamiltonian 


form dq, OH dp, aH 


ere ee 


dt op, dt aq,’ 


(14) 


where the q’s and p’s are a set of canonical coordinates and momenta 
and H is the energy expressed as a function of them and possibly also 
of t. The energy expressed in this way is called the Hamiltonian. 
Equations (14) give, for v any function of the qg’s and p’s that does 
not contain the time ¢ explicitly, 


du _ sy (2 Me, 2 dy 
dt => aq, dt ' dp, dt 


-L \d, 8p, Op, 2, 
= [v, H], (15) 


with the classical definition of a P.B., equation (1) of § 21. This is 
of the same form as equation (13) in the quantum theory. We thus 
get an analogy between the classical equations of motion in the 
Hamiltonian form and the quantum equations of motion in Heisen- 
berg’s form. This analogy provides a justification for the assumption 
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- 


that the linear operator H introduced in the preceding section is the 
energy of the system in quantum mechanics. 

In classical mechanics a dynamical system is defined mathemati- 
cally when the Hamiltonian is given, i.e. when the energy is given 
in terms of a set of canonical coordinates and momenta, as this is 
sufficient to fix the equations of motion. In quantum mechanics a 
. dynamical system is defined mathematically when the energy is 
given in terms of dynamical variables whose commutation relations 
are known, as this is then sufficient to fix the equations of motion, 
in both Schrédinger’s and Heisenberg’s form. We need to have 
either H expressed in terms of the Schrödinger dynamical variables . 
or H, expressed in terms of the corresponding Heisenberg dynamical 
variables, the functional relationship being, of course, the same in 
both cases. We call the energy expressed in this way the Hamiltonian 
of the dynamical system in quantum mechanics, to keep up the 
analogy with the classical theory. 

A system in quantum mechanics always has a Hamiltonian, whether 
the system is one that has a classical analogue and is describable in 
terms of canonical coordinates and momenta or not. However, if the 
system does have a classical analogue, its connexion with classical 
mechanics is specially close and one can usually assume that the 
Hamiltonian is the same function of the canonical coordinates and 
momenta in the quantum theory as in the classical theory.{ There 
would be a difficulty in this, of course, if the classical Hamiltonian 
involved a product of factors whose quantum analogues do not com- 
mute, as one would not know in which order to put these factors in 
the quantum Hamiltonian, but this does not happen for most of the 
elementary dynamical systems whose study is important for atomic 
physics. In consequence we are able also largely to use the same 
language for describing dynamical systems in the quantum theory as 
in the classical theory (e.g. to talk about particles with given masses 
moving through given fields of force), and when given a system in 
classical mechanics, can usually give a meaning to ‘the same’ system 
in quantum mechanics. 

Equation (13) holds for v, any function of the Heisenberg dynamical 
variables not involving the time explicitly, ie. for v any constant 


+ This assumption is found in practice to be successful only when applied with the 
dynamical coordinates and momenta referring to a Cartesian system of axes and not 
to more general curvilinear coordinates. 
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linear operator in the Schrödinger picture. It shows that such a 
function v, is constant if it commutes with H, or if v commutes with H. 
We then have vy = % = 2, 

and we call v, or v a constant of the motion. It is necessary that v shall 
commute with H at all times, which is usually possible only if H is 
constant. In this case we can substitute H for v in (13) and deduce 
that H, is constant, showing that H itself is then a constant of the 
motion. Thus if the Hamiltonian is constant in the Schrödinger 
picture, it is also constant in the Heisenberg picture. 

For an isolated system, a system not acted on by any external 
forces, there are always certain constants of the motion. One of these 
is the total energy or Hamiltonian. Others are provided by the 
displacement theory of § 25. It is evident physically that the total 
energy must remain unchanged if all the dynamical variables are 
displaced in a certain way, so equation (63) of § 25 must hold with 
vı = v = H. Thus D commutes with H and is a constant of the 
motion. Passing to the case of an infinitesimal displacement, we see 
that the displacement operators d,, d,, and d, are constants of the 
motion and hence, from (69) of § 25, the total momentum is a constant 
of the motion. Again, the total energy must remain unchanged if all 
the dynamical variables are subjected to a certain rotation. This 
leads, as will be shown in § 35, to the result that the total angular 
momentum is a constant of the motion. The laws of conservation of 
energy, momentum, and angular momentum hold for an isolated system 
in the Heisenberg picture in quantum mechanics, as they hold in 
classical mechanics. 

Two forms for the equations of motion of quantum mechanics have 
now been given. Of these, the Schrödinger form is the more useful 
one for practical problems, as it provides the simpler equations. The 
unknowns in Schrédinger’s wave equation are the numbers which 
form the representative of a ket vector, while Heisenberg’s equation 
of motion for a dynamical variable, if expressed in terms of a repre- 
sentation, would involve as unknowns the numbers forming the 
representative of the dynamical variable. The latter are far more 
numerous and therefore more difficult to evaluate than the Schro- 
dinger unknowns. Heisenberg’s form for the equations of motion 1s 
of value in providing an immediate analogy with classical mechanics 
and enabling one to see how various features of classical theory, such 


116 THE EQUATIONS OF MOTION § 28 


as the conservation laws referred to above, are translated into quan- 
tum theory. 


29. Stationary states 
We shall here deal with a dynamical system whose energy is con- 
stant. Certain specially simple relations hold for this case. Equation 
(6) can be integratedt to give l 
T = etH 


with the help of the initial condition that 7 = 1 for t = tẹ This 
result substituted into (1) gives 

|Pt> — e-iHEoñ] PHY, (16) 
which is the integral of Schrödinger’s equation of motion (5), and 
substituted into (10) it gives 

V = eiHioAäye-iHUAoi (17) 


which is the integral of Heisenberg’s equation of motion (11), H, being 
now equal to H. Thus we have solutions of the equations of motion 
in a simple form. However, these solutions are not of much practical 
value, because of the difficulty involved in evaluating the operator 
e-iHtoñ, unless H is particularly simple, and for practical purposes 
one usually has to-fall back on Schrödinger’s wave equation. 

Let us consider a state of motion such that at time tọ it is an eigen- 
state of the energy. The ket |Pi,> corresponding to it at this time 
must be an eigenket of H. If H’ is the eigenvalue to which it belongs, 


equation (16) gives |Pt> = eito] Pz», 


showing that |Pt> differs from |Pt)> only by a phase factor. Thus 
the state always remains an eigenstate of the energy, and further, it 
does not vary with the time at all, since the direction of the ket |Pt> 
does not vary with the time. Such a state is called a stationary state. 
The probability for any particular result of an observation on it is 
independent of the time when the observation is made. From our 
assumption that the energy is an observable, there are sufficient 
stationary states for an arbitrary state to be dependent on them. 

The time-dependent wave function 4(&) representing a stationary 
state of energy H’ will vary with time according to the law 


PEE) = paléet h, (18) 


t The integration can be carried out as though H were an ordinary algebraic 
variable instead of a linear operator, because there is no quantity that does not 
commute with H in the work. 
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and Schrédinger’s wave equation (7) for it reduces to 

A'$y> = Hpo). (19) 
This equation merely asserts that the state represented by Wọ is an 
eigenstate-of H. We call a function Yo satisfying (19) an eigenfunction 
of H, belonging to the eigenvalue H”. 

In the Heisenberg picture the stationary states correspond to fixed 
eigenvectors of the energy. We can set up a representation in which 
all the basic vectors are eigenvectors of the energy and so correspond 
to stationary states in the Heisenberg picture. We call such a repre- 
sentation a Heisenberg representation. The first form of quantum 
mechanics, discovered by Heisenberg in 1925, was in terms of a 
representation of this kind. The energy is diagonal in the representa- 
tion. Any other diagonal dynamical variable must commute with the 
energy and is therefore a constant of the motion. The problem of 
setting up a Heisenberg representation thus reduces to the problem 
of finding a complete set of commuting observables, each of which 
is a constant of the motion, and then making these observables 
diagonal. The energy must be a function of these observables, from 
Theorem 2 of § 19. It is sometimes convenient to take the energy 
itself as one of them. 

Let « denote the complete set of commuting observables in a 
Heisenberg representation, so that the basic vectors are written <a’, 
|x”>. The energy is a function of these observables «, say H = H(a). 
From (17) we get 


Ko’ |, | a” = < oe! | ett —lo)iye—tHl—-to)/h la”) 
= eH -HEH-0 y'o"), (20) 


where H’ = H(«') and H” = H(«”"). The factor <«'|v|a”"> on the right- 
hand side here is independent of t, being an element of the matrix 
representing the fixed linear operator v. Formula (20) shows how the 
Heisenberg matrix elements of any Heisenberg dynamical variable 
vary with time, and it makes y satisfy the equation of motion (11), 
as is easily verified. The variation given by (20) is simply periodic 
with the frequency 

|H'— B" |/Inh = |H'—H"|/h, (21) 
depending only on the energy difference of the two stationary states 
to which the matrix element refers. This result is closely connected 
with the Combination Law of Spectroscopy and Bohr’s Frequency 
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Condition, according to which (21) is the frequency of the electro- 
magnetic radiation emitted or absorbed when the system makes a 
transition under the influence of radiation between the stationary 
states a’ and a”, the eigenvalues of H being Bohr’s energy levels. 
These matters will be dealt with in § 45. 


30. The free particle 

The most fundamental and elementary application of quantum 
mechanics is to the system consisting merely of a free particle, or 
particle not acted on by any forces. For dealing with it we use as 
dynamical variables the three Cartesian coordinates x, y, z and their 
conjugate momenta p,, Py Pe The Hamiltonian is equal to the 
kinetic energy of the particle, namely 


l 
H = -— (p}+p3 +72) (22) 


2m 

according to Newtonian mechanics, m being the mass. This formula 
is valid only if the velocity of the particle is small compared with c, 
the velocity of light. For a rapidly moving particle, such as we often 
have to deal with in atomic theory, (22) must be replaced by the 
relativistic formula 

H = omc? ppt py tpz). (23) 
For small values of p,, p,, and p, (23) goes over into (22), except for 
the constant term mc? which corresponds to the rest-energy of the 
particle in the theory of relativity and which has no influence on the 
equations of motion. Formulas (22) and (23) can be taken over 
directly into the quantum theory, the square root in (23) being now 
understood as the positive square root defined at the end of § 11. 
The constant term mc? by which (23) differs from (22) for small values 
of p,, Py, and p, can still have no physical effects, since the Hamil- 
tonian in the quantum theory, as introduced in § 27, is undefined to 
the extent of an arbitrary additive real constant. 

We shall here work with the more accurate formula (23). We shall 
first solve the Heisenberg equations of motion. From the quantum 
conditions (9) of § 21, p, commutes with p, and p,, and hence, from 
Theorem 1 of § 19 extended to a set of commuting observables, P, 
commutes with any function of p,, Py, and p, and therefore with H. 
It follows that p, is a constant of the motion. Similarly p, and p, are 
constants of the motion. These results are the same as in the classical 
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theory. Again, the equation of motion for a coordinate, x, say, is, 
according to (11), 
ax, 
dt 
The right-hand side here can be evaluated by means of formula 
(31) of § 22 with the roles of coordinates and momenta interchanged, 


ih t = th = T c(m*c?-+-p 2+ pz +p) — ~c(m2c?+ p2+ p2 +p?) tay. 


so that it reads q,f—fq, = iñ flap. (24) 
f now being any function of the p’s. This gives 
ð 22 mL m21 2 CD, 
vı = =— e(m*c Hpi tp tpz) = ny 
3P, H 
, (25) 
Sa c” . P, 
Similarly, "y= r, a= na 
The magnitude of the velocity is 
v = (tf yi +e)? = epr t py + p2)}/H. (26) 


Equations (25) and (26) are just the same as in the classical theory. 
Let us consider a state that is an eigenstate of the momenta, 
belonging to the eigenvalues P}, Py pz This state must be an eigen- 
state of the Hamiltonian, belonging to the eigenvalue 
H = omc? +p? +p? tpe), (27) 
and must therefore be a stationary state. The possible values for H’ 
are all numbers from mc? to o, as in the classical theory. The wave 
function U(xyz) representing this state at any time in Schrédinger’s 
representation must satisfy 


peblaye)> = pe Waye)> = —ih AV) 


? 


with similar equations for p, and p,. These equations show that 
u(xyz) is of the form 
(xyz) = aetPrt+PyYtP, 2h, (28) 
where a is independent of x, y, and z. From (18) we see now that the 
time-dependent wave function y(xyzt) is of the form 
u(xyzt) = ay ep, T +P, V+P,2-H bh (29) 
where @, is independent of z, y, z, and t. 

The function (29) of x, y, z, and t describes plane waves in space- 
time. We see from this example the suitability of the terms ‘wave 
function’ and ‘wave equation’. The frequency of the waves is 

v = H’/h, (30) 
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their wavelength is 
à = hip tp +p?) = hP, (31) 


P’ being the length of the vector (p4, Py, p2), and their motion is in 
the direction specified by the vector (Pz, Py, pz) with the velocity 


Av = H'/P' = ep, : (32) 


v’ being the velocity of the particle corresponding to the momentum 
‘(Po Py» Pz) as given by formula (26). Equations (30), (31), and (32) 
are easily seen to hold in all Lorentz frames of reference, the expres- 
sion on the right-hand side of (29) being, in fact, relativistically 
invariant with p,,p,,p, and H’ as the components of a 4-vector. 
These properties of relativistic invariance led de Broglie, before the 
discovery of quantum mechanics, to postulate the existence of waves 
of the form (29) associated with the motion of any particle. They 
are therefore known as de Broglie waves. 

In the limiting case when the mass m is made to tend to zero, the 
classical velocity of the particle v becomes equal to c and hence, from 
(32), the wave velocity also becomes c. The waves are then like the 
light-waves associated with a photon, with the difference that they 
contain no reference to the polarization and involve a complex ex- 
ponential instead of sines and cosines. Formulas (30) and (31) are 
still valid, connecting the frequency of the light-waves with the 
energy of the photon and the wavelength of the light-waves with 
the momentum of the photon. 

For the state represented by (29), the probability of the particle 
being found in any specified small volume when an observation of its 
position is made is independent of where the volume is. This provides 
an example of Heisenberg’s principle of uncertainty, the state being 
one for which the momentum is accurately given and for which, in 
consequence, the position is completely unknown. Such a state 1s, 
of course, a limiting case which never occurs in practice. The states 
usually met with in practice are those represented by wave packets, 
which may be formed by superposing a number of waves of the type 
(29) belonging to slightly different values of (p7, Py, pz), as discussed 
in § 24. The ordinary formula in hydrodynamics for the velocity of 
such a wave packet, i.e. the group velocity of the waves, is 


dv 
d(1/A) 


(33) 
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which gives, from (30) and (31) 

aH’ a. a5, pry EP 

= CT - t= L v. 4 
This is just the velocity-of the particle. The wave packet moves in 


the same direction and with the same velocity as the particle moves 
in classical mechanics. 


31. The motion of wave packets 

The result just deduced for a free particle is an example of a general 
principle. For any dynamical system with a classical analogue, a state 
for which the classical description is valid as an approximation is 
represented in quantum mechanics by a wave packet, all the co- 
ordinates and momenta having approximate numerical values, whose 
accuracy is limited by Heisenberg’s principle of uncertainty. Now 
Schrédinger’s wave equation fixes how such a wave packet varies with 
time, so in order that the classical description may remain valid, the 
wave packet should remain a wave packet and should move according 
to the laws of classical dynamics. We shall verify that this is so. 

We take a dynamical system having a classical analogue and let 
its Hamiltonian be H(q,, p,) (r = 1, 2,... n). The corresponding classi- 
cal dynamical system will have as Hamiltonian H,(q,, p,) say, obtained 
by putting ordinary algebraic variables for the q, and p, in H(q,, p,) 
and making # > 0 if it occurs in H(q,,p,). The classical Hamiltonian 
H, is, of course, a real function of its variables. It is usually a 
quadratic function of the momenta p, but not always so, the 
relativistic theory of a free particle being an example where it is not. 
The following argument is valid for H, any algebraic function ofthe p’s. 

We suppose that the time-dependent wave function in Schré- 
dinger’s representation is of the form 


plgi) = Aes, (35) 
where A and S are real functions of the g’s and ¢ which do not vary 
very rapidly with their arguments. The wave function is then of the 


form of waves, with A and S determining the amplitude and phase 
respectively. Schrdédinger’s wave equation (7) gives 


iK Aey = H(g,,.p,) Acts 


or in 4 _A => — e-iSH (q, p,) Acti), (36) 
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Now e-‘Si# is evidently a unitary linear operator and may be used for 
U in equation (70) of § 26 to give us a unitary transformation. The 
q’s remain unchanged by this transformation, each p, goes over into 


e-iSiin eiS — » 1 a8/aq,, 
with the help of (31) of § 22, and H goes over into 


e SIH (qn, p)" = H(g,,p,+8/64,); 
since algebraic relations are preserved by the transformation. Thus 
(36) becomes 

[in AS) = Hanti = }4». (37) 
Let us now suppose that 4 can be counted as small and let us neglect 
terms involving # in (37). This involves neglecting the p,’s that occur 
in H in (37), since each p, is equivalent to the operator —7h 0/dq, 
operating on the functions of the q’s to the right of it. The surviving 
terms give aS a8 

Ne Gq.) 

This is a differential equation which the phase function S has to 
satisfy. The equation is determined by the classical Hamiltonian 
function H, and is known as the Hamilton-Jacobi equation in classical 
dynamics. It allows S to be real and so shows that the assumption 
of the wave form (35) does not lead to an inconsistency. 

To obtain an equation for A, we must retain the terms in (37) 
which are linear in # and see what they give. A direct evaluation of 
these terms is rather awkward in the case of a general function H, 
and we can get the result we require more easily by first multiplying 
both sides of (37) by the bra vector (Af, where f is an arbitrary real 
function of the qg’s. This gives 


carina) = APH On Be} 


The conjugate complex equation is 


af{—in nas} = (AH p+) FAD. 


Subtracting and dividing out by tř, we obtain 


KASE = <A [1-8 (Gnpe+5>}| 4D. (39) 


(38) 


os 
A». 
a)? 
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We now have to evaluate the P.B. 


Lf, H (q. p-+35/3q,)]. 

Our assumption that # can be counted as small enables us to expand 
A(q,,P,+08/6q,) as a power series in the p’s. The terms of zero degree 
will contribute nothing to the P.B. The terms of the first degree in 
the p’s give a contribution to the P.B. which can be evaluated most 
easily with the help of the classical formula (1) of § 21 (this formula 
being valid also in the quantum theory if u is independent of the p’s 
and v is linear in the p’s). The amount of this contribution is 
of 2 fetal 
—~ 2qs| Ops I p,=aslaq, 
the notation meaning that we must substitute oS/oq, for each p, in 
the function [ ] of the q’s and p’s, so as to obtain a function of the q’s 
only. The terms of higher degree in the p’s give contributions to the 
P.B. which vanish when # > 0. Thus (39) becomes, with neglect of 
terms involving #, which is equivalent to the neglect of #7 in (37), 

> — (A? a =e Pete l 

P ds Op, Pr=0S8]egr 

Now if a(g) and b(q) are any two functions of the q’s, formula 


(64) oF S20 gives — <a(q)blq)> = f ala’dg’ blg’), 


(40) 


and so al) > — — (2D pq, (41) 


ôq, 
provided a(q) and b(q) satisfy suitable boundary conditions, as dis- 
cussed in §§ 22 and 23. Hence (40) may be written 


I pa SD ods cat! |S a a asad 


Since this holds for an arbitrary real function f, we must have 


2 
Gat O > 4] ee 3 (42) 
ot 3 Oo”, ODs pr=0Sleq,y 


This is the equation for the amplitude A of the wave function. To 
get an understanding of its significance, let us suppose we have a fluid 
moving in the space of the variables q, the density of the fluid at any 
point and time being A? and its velocity being 


dgs E p,) 


. (43) 
dt Op, | pr=8Slq; 
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Equation (42) is then just the equation of conservation for such a 
fluid. The motion of the fluid is determined by the function S 
satisfying (38), there being one possible motion for each solution 
of (38). 

For a given S, let us take a solution of (42) for which at some 
definite time the density A? vanishes everywhere outside a certain 
small region. We may suppose this region to move with the fluid, 
its velocity at each point being given by (43), and then the equation 
of conservation (42) will require the density always to vanish outside 
the region. There is a limit to how small the region may be, imposed 
by the approximation we made in neglecting # in (39). This approxi- 
mation is valid only provided 


la os 
iA <5, 4° 
184 (1a8 


or —— <= 


A aq, ~h agp 


which requires that A shall vary by an appreciable fraction of itself 
only through a range of the q’s in which S varies by many times #, 
i.e. a range consisting of many wavelengths of the wave function (35). 
Our solution is then a wave packet of the type discussed in § 24 and 
remains so for all time. 

We thus get a wave function representing a state of motion for 
which the coordinates and momenta have approximate numerical 
values throughout all time. Such a state of motion in quantum 
theory corresponds to the states with which classical theory deals. 
The motion of our wave packet is determined by equations (38) and 
(43). From these we get, defining p, as oS/dq,, 


dp, dêg a8 28 dq, 
dt dt dq,  @têqgy L= dqu 04, dt 
_ _ 9 ( a PS H (dr P,) 
6g, “N ôg) £ êus Pu 
= OHI Pr) (44) 
aq, 


where in the last line the p’s are counted as independent of the q’s 
before the partial differentiation. Equations (43) and (44) are just 
the classical equations of motion in Hamiltonian form and show that 
the wave packet moves according to the laws of classical mechanics. 


§ 3] THE MOTION OF WAVE PACKETS 125 


We see in this way how the classical equations of motion are derivable 
from the quantum theory as a limiting case. 

.By a more accurate solution of the wave equation one can show 
that the accuracy with which the coordinates and momenta simul- 
taneously have numerical values cannot remain permanently as 
favourable as the limit allowed by Heisenberg’s principle of un- 
certainty, equation (56) of § 24, but if it is initially so it will become 
less favourable, the wave packet undergoing a spreading.t+ 


32. The action principlef 

Equation (10) shows that the Heisenberg dynamical variables at 
time £, v„ are connected with their values at time fp, va, or v, by a 
unitary transformation. The Heisenberg variables at time ¢+-dé¢ are 
connected with their values at time ¢ by an infinitesimal unitary 
transformation, as is shown by the equation of motion (11) or (13), 
which gives the connexion between vy and v, of the form of (79) or 
(80) of § 26 with A, for F and 6t/% for e. The variation with time of 
the Heisenberg dynamical variables may thus be looked upon as the 
continuous unfolding of a unitary transformation. In classical 
mechanics the dynamical variables at time t-+ôt are connected with 
their values at time t by an infinitesimal contact transformation and 
the whole motion may be looked upon as the continuous unfolding of a 
contact transformation. We have here the mathematical foundation 
of the analogy between the classical and quantum equations of 
motion, and can develop it to bring out the quantum analogue of all 
the main features of the classical theory of dynamics. 

Suppose we have a representation in which the complete set of 
commuting observables € are diagonal, so that a basic bra is <&'|. 
We can introduce a second representation in which the basic bras are 

COR] = COT. | (45) 
The new basic bras depend on the time ¢ and give us a moving 
representation, like a moving system of axes in an ordinary vector 
space. Comparing (45) with the conjugate imaginary of (8), we see 
that the new basic vectors are just the transforms in the Heisenberg 
picture of the original basic vectors in the Schrédinger picture, and 
hence they must be connected with the Heisenberg dynamical 


t See Kennard, Z. f. Physik, 44 (1927), 344; Darwin, Proc. Roy. Soc. A, 117 (1927), 


258. 
t This section may be omitted by the student who is not specially concerned with 


higher dynamics. 
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variables v, in the same way in which the original basic vectors are 
connected with the Schrodinger dynamical variables v. In particular, 
each <€’*| must be an eigenvector of the és belonging to the eigen- 
values é. It may therefore be written <&|, with the understanding 
that the numbers é; are the same eigenvalues of the és that the és 

are of the £s. From (45) we get 


EIS = EIT IE, (46) 
showing that the transformation function is just the representative 
of T in the original representation. 

eas (45) with respect to ¢ and using (6), we get 


ine “Ei = KE iS = |HT = <E;|H, 


with the help of (12). Multiplying on the right by any ket |a> 
independent of t, we get 


ng Elay = CEilBhay = | EIIE dg lay, (4) 


if we take for definiteness the case of continuous eigenvalues for the 
Es. Now equation (5), written in terms of representatives, reads 


ih 5 <e'|Pty = | <E LEIE de” <e"|Phy (48) 


Since <é |A, > is the same function of the variables é; and & that 
<é'|H|é" is of €' and £”, equations (47) and (48) are of precisely the 
same form, with the variables é, é in (47) playing the role of the 
variables ¿£ and &” in (48) and the function <&/a> playing the role 
of the function <€'|Pt). We can thus look upon (47) as a form of 
Schrodinger’s wave equation, with the function <é la> of the variables 
é& as the wave function. In this way Schrédinger’s wave equation 
appears in a new light, as the condition on the representative, in the 
moving representation with the Heisenberg variables £, diagonal, of the 
fixed ket corresponding to a state in the Heisenberg picture. The function 
<&|a> owes its variation with time to its left factor <&|, in contra- 
distinction to the function <| Pt, which owes its variation with time 
to its right factor | Pty. 
If we put |a> = |E” in (47), we get 


BEE = f CEH Et’ dE! <Er IE, (49) 
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showing that the transformation function ¢&|é’> satisfies Schré- 
dinger’s wave equation. Now & = é, so we must have 

Ene") = Séné”), (50) 
the ò function here being understood as the product of a number of 
factors, one for each &-variable, such as occurs for the variables 
Ens) u On the right-hand side of equation (34) of § 16. Thus the 
transformation function <&|é”> is that solution of Schrédinger’s wave 
equation for which the &’s certainly have the values é at time tọ 
The square of its modulus, |<&|E">]*, is the relative probability of the 
é’s having the values é at time? > tọ if they certainly have the values 
é" at time tp We may write <&|é"> as <&|&,> and consider it as 
depending on ż as well as on ¢. To get its dependence on tọ we take 
the conjugate complex of equation (49), interchange ¢ and f, and also 
interchange single primes and double primes. This gives 


HF le, = Í CEEL den CEU EIER) (51) 
0 


The foregoing discussion of the transformation function <&lé”> is 
valid with the £s any complete set of commuting observables. The 
equations were written down for the case of the €’s having continuous 
eigenvalues, but they would still be valid if any of the £s have 
discrete eigenvalues, provided the necessary formal changes are made 
in them. Let us now take a dynamical system having a classical 
analogue and let us take the é’s to be the coordinates g. Put 

Calg" = est (52) 
and so define the function S of the variables q,,q”. This function also 
depends explicitly on ¢. (52) is a solution of Schrédinger’s wave 
equation and, if % can be counted as small, it can be handled in the 
same way as (35) was. The S of (52) differs from the S of (35) on 
account of there being no A in (52), which makes the S of (52) com- 
plex, but the real part of this S equals the S of (35) and its pure 
imaginary part is of the order #. Thus, in the limit # > 0, the S of 
(52) will equal that of (35) and will therefore satisfy, corresponding 


to (98), —aS/at = Hq, ph), (53) 
where pa = 08/2 (54) 


and H, is the Hamiltonian of the classical analogue of our quantum 
dynamical system. But (52) is also a solution of (51) with q’s for é’s, 
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which is the conjugate complex of Schrédinger’s wave equation in the 
variables q” or q;,. This causes S to satisfy alsof 
O3/Oty = Helde Pr); (55) 
where p, = —208/éq,. (56) 
The solution of the Hamilton-Jacobi equations (53), (55) is the 
action function of classical mechanics for the time interval tọ to t, 
i.e. it is the time integral of the Lagrangian L, 


t 
S = | LE) de’. (57) 
to 


Thus the S defined by (52) is the quantum analogue of the classical action 
function and equals it in the limit h > 0. To get the quantum analogue 
of the classical Lagrangian, we pass to the case of an infinitesimal 
time interval by putting t = t,+6é and we then have (q,+5)|9;,> as the 
analogue of ett, For the sake of the analogy, one should consider 
L(t) as a function of the coordinates q’ at time t)+6¢ and the co- 
ordinates q” at time tọ, rather than as a function of the coordinates 
and velocities at time tọ as one usually does. 

The principle of least action in classical mechanics says that the 
action function (57) remains stationary for small variations of the tra- 
jectory of the system which do not alter the end points, i.e. for small 
variations of the q’s at all intermediate times between tọ and ¢ with qy 
and q, fixed. Let us see what it corresponds to in the quantum theory. 


ty 
Put expli f L4) T = exp{iS(t,, t,)/h} = B(ty, ta)» (58) 
ta 


so that B(t,,t,) corresponds to <q,|¢;,> in the quantum theory. (We 
here allow q;, and qi, to denote different eigenvalues of g,, and q;,, to 
save having to introduce a large number of primes into the analysis.) 
Now suppose the time interval t, >t to be divided up into a large 
number of small time intervals tọ > t,, t > ty)... bm—1 > bins bn > t, DY 
the introduction of a sequence of intermediate times t, tg,...,t,. Then 


Bt, to) = Bit, bm) B (tm: bm—1)+--B (te, t,)B(t,, to). (59) 
The corresponding quantum equation, which follows from the pro- 
perty of basic vectors (35) of § 16, is 
Cilado = S Sf <ln) Cin Qe Yin—a> Win—1---< Ge 10> dahas lgo», 
(60) 


+ For a more accurate comparison of transformation functions with classical 
theory, see Van Vleck, Proc. Nat. Acad. 14, 178. 


§ 32 THE ACTION PRINCIPLE 129 


qy being written for q;, for brevity. At first sight there does not seem 
to be any close correspondence between (59) and (60). We must, 
however, analyse the meaning of (59) rather more carefully. We must 
regard each factor B as a function of the q’s at the two ends of the 
time interval to which it refers. This makes the right-hand side of 
(59) a function, not only of q; and q, but also of all the intermediate 
gs. Equation (59) is valid only when we substitute for the inter- 
mediate q’s in its right-hand side their values for the real trajectory, 
small variations in which values leave S stationary and therefore also, 
from (58), leave B(t, tọ) stationary. It is the process of substituting 
these values for the intermediate q’s which corresponds to the inte- 
grations over all values for the intermediate q’’s in (60). The quantum 
analogue of the action principle is thus absorbed in the composition 
law (60) and the classical requirement that the values of the inter- 
mediate q’s shall make S stationary corresponds to the condition 
in quantum mechanics that all values of the intermediate q’’s 
are important in proportion to their contribution to the integral 
in (60). 

Let us see how (59) can be a limiting case of (60) for 4 small. We 
must suppose the integrand in (60) to be of the form e*”/*, where F is 
a function of qo, 91; g2,- Qm qe Which remains continuous as # tends 
to zero, so that the integrand is a rapidly oscillating function when 
# is small. The integral of such a rapidly oscillating function will be 
extremely small, except for the contribution arising from a region in 
the domain of integration where comparatively large variations in 
the g;, produce only very small variations in F. Such a region must 
be the neighbourhood of a point where F is stationary for small varia- 
tions of the q}. Thus the integral in (60) is determined essentially by 
the value of the integrand at a point where the integrand is stationary 
for small variations of the intermediate q’’s, and so (60) goes over 
into (59). 

Equations (54) and (56) express that the variables q;, p; are con- 
nected with the variables q”,p” by a contact transformation and are 
one of the standard forms of writing the equations of a contact trans- 
formation. There is an analogous form for writing the equations of a 
unitary transformation in quantum mechanics. We get from (52), with 
the help of (45) of § 22, 


, n . 4 / n 3S (qi, q”) , n 
— —iğ = EN g 61 
CACR a aq, CACI TA CALD (61) 
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Similarly, with the help of (46) of § 22, 


, n ° o Il N IN A ” Pi M 
(GP IY > = ifi gp Geld >= -EL ai > (62) 
From the general definition of functions of commuting observables, 
h , n r n 7 n 
we nave ulfladg(aia"> = FI KA”, _ (63) 


where f(g,) and g(q) are functions of the q,'s and q’s respectively. Let 
G(q,q) be any function of the q/s and q’s consisting of a sum or 
integral of terms each of the form f(q,g(q), so that all the grs in G 
occur to the left of all the gs. Such a function we call well ordered. 
Applying (63) to each of the terms in G and adding or integrating, 


t / n , n 7 n 
we B° CHIE a)l > = A Kala” 
Now let us suppose each p,, and p, can be expressed as a well-ordered 
function of the grs and q’s and write these functions pqr 7), P-(Q 4). 
Putting these functions for G, we get 
G|Puld”> = Pade 1')<ala">, 


Cgil, > = P(e galg”. 
Comparing these equations with (61) and (62) respectively, we see 


that ; 
Eo BEZ C A O NA OS(q, q”) 
Pallo t) = aq, ; PAI’) = agi 
This means that 
aS(q,, oS(q, 
p= ELD = EDD (64) 


Ort ôd, 
provided the right-hand sides of (64) are written as well-ordered 
functions. 

These equations are of the same form as (54) and (56), but refer to 
the non-commuting quantum variables q; g instead of the ordinary 
algebraic variables q;, q”. They show how the conditions for a unitary 
transformation between quantum variables are analogous to the condi- 
tions for a contact transformation between classical variables. The 
analogy is not complete, however, because the classical S must be real 
and there is no simple condition corresponding to this for the S of (64). 


33. The Gibbs ensemble 

In our work up to the present we have been assuming all along that 
our dynamical system at each instant of time is in a definite state, 
that is to say, its motion is specified as completely and accurately as 
is possible without conflicting with the general principles of the theory 
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In the classical theory this would mean, of course, that all the coordi- 
nates and momenta have specified values. Now we may be interested 
in a motion which is specified to a lesser extent than this maximum 
possible. The present section will be devoted to the methods to be 
used in such a case. 

The procedure in classical mechanics is to introduce what is called 
a Gibbs ensemble, the idea of which is as follows. We consider all the 
dynamical coordinates and momenta as Cartesian coordinates in a 
certain space, the phase space, whose number of dimensions is twice 
the number of degrees of freedom of the system. Any state of the 
system can then be represented by a point in this space. This point 
will move according to the classical equations of motion (14). Sup- 
pose, now, that we are not given that the system is in a definite state 
at any time, but only that it is in one or other of a number of possible 
states according to a definite probability law. We should then be 
able to represent it by a fluid in the phase space, the mass of fluid in 
any volume of the phase space being the total probability of the 
system being in any state whose representative point lies in that 
volume. Each particle of the fluid will be moving according to the 
equations of motion (14). If we introduce the density p of the fluid 
at any point, equal to the probability per unit volume of phase space 
of the system being in the neighbourhood of the corresponding state, 
we shall have the equation of conservation 


Op o | dq,\ , Of dp, 
~~ Dlaglat) ap (ae)] 


E af ə) a “tt 
= = D (aal sp) aN ae, 


= —[p, H]. (65) 
This may be considered as the equation of motion for the fluid, since 
it determines the density p for all time if p is given initially as a 
function of the q’s and p’s. It is, apart from the minus sign, of the 
same form as the ordinary equation of motion (15) for a dynamical 


variable. 
The requirement that the total probability of the system being in 
any state shall be unity gives us a normalizing condition for p 


| f p dqdp = 1, (66) 


the integration being over the whole of phase space and the single 
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differential dg or dp being written to denote the product of all the 
dq’s or dp’s. If B denotes any function of the dynamical variables, 
the average value of 6 will be 


[| Be dadp. (67) 
It makes only a trivial alteration in the theory, but often facilitates 


discussion, if we work with a density p differing from the above one 
by a positive constant factor, k say, so that we have instead of (66) 


[| p dadp = k. 


With this density we can picture the fluid as representing a number 
k of similar dynamical systems, all following through their motions 
independently in the same place, without any mutual disturbance or 
interaction. The density at any point would then be the probable or 
average number of systems in the neighbourhood of any state per unit 
volume of phase space, and expression (67) would give the average 
total value of 8 for all the systems. Such a set of dynamical systems, 
which is the ensemble introduced by Gibbs, is usually not realizable 
in practice, except as a rough approximation, but it forms all the 
same a useful theoretical abstraction. 

We shall now see that there exists a corresponding density p 
in quantum mechanics, having properties analogous to the above. 
Tt was first introduced by von Neumann. Its existence is rather 
surprising in view of the fact that phase space has no meaning in 
quantum mechanics, there being no possibility of assigning numerical 
values simultaneously to the q’s and p’s. 

We consider a dynamical system which is at a certain time in one 
or other of a number of possible states according to some given 
probability law. These states may be either a discrete set or a con- 
tinuous range, or both together. We shall here take for definiteness 
the case of a discrete set and suppose them labelled by a parameter m. 
Let the normalized ket vectors corresponding to them be |m> and let 
the probability of the system being in the mth state be P,. We then 
define the quantum density p by 


p = > |m>P,m|, (68) 


Let p’ be any eigenvalue of p and |p’> an eigenket belonging to this 
eigenvalue. Then 


2 Im>P,,<m|p’> = ple = p’|p’> 
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so that > <p |my>L,<m|p’> = p'le le> 
or 2 Palm| ol? = p’<p'|p’>. 
Now P,,, being a probability, can never be negative. It follows that 


p’ cannot be negative. Thus p has no negative eigenvalues, in analogy 
with the fact that the classical density p is never negative. 

Let us now obtain the equation of motion for our quantum p. In 
Schrédinger’s picture the kets and bras in (68) will vary with the time 
in accordance with Schrodinger’s equation (5) and the conjugate 
imaginary of this equation, while the P,,’s will remain constant, since 
the system, so long as it is left undisturbed, cannot change over from 
a state corresponding to one ket satisfying Schrodinger’s equation to 
a state corresponding to another. We thus have 


inte =- > n Pn <m|+|m>P,, on 


= X {H [mPp <m]— [m> Pp <m |H) 


= Hp—pH. (69) 


This is the quantum analogue of the classical equation of motion 
(65). Our quantum p, like the classical one, is determined for all time 
if it is given initially. 

From the assumption of § 12, the average value of any observable 
B when the system is in the state m is <m|8|m>. Hence if the system 
is distributed over the various states m according to the probability 
law Pa the average value of 8 will be 2 P<m|B|m>. If we introduce 


a representation with a discrete set of basic ket vectors |€’> say, this 
equals 


I Pasmle’><E'\Blmny = X <E"B\m>F one" 
= Z <E Bole> = Z EBED (70) 


the last step being easily verified with the law Si matrix multiplica- 
tion, equation (44) of § 17. The expressions (70) are the analogue of 
the expression (67) of the classical theory. Whereas in the classical 
theory we have to multiply 8 by p and take the integra] of the 
product over all phase space, in the quantum theory we have to 
multiply B by p, with the factors in either order, and take the 


3595.57 K 
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diagonal sum of the product in a representation. If the representa- 
tion involves a continuous range of basic vectors |£’), we get instead 


f (70 
“~~ ( <eripple’> ae’ = f <E lopë ae’ (71) 


so that we must carry through a process of ‘integrating along the 
diagonal’ instead of summing the diagonal elements. We'shall define 
(71) to be the diagonal sum of Bp in the continuous case. It can easily 
be verified, from the properties of transformation functions (56) of 
§ 18, that the diagonal sum is the same for all representations. 

From the condition that the |m>’s are normalized we get, with 
discrete €’’s 


> <E lele = 2 CE mEn MIE = > Pa = 1, (72) 


since the total probability of the system being in any state is unity. 
This is the analogue of equation (66). The probability of the system 
being in the state €’, or the probability of the observables € which 
are diagonal in the representation having the values é’, is, according 
to the rule for interpreting representatives of kets (51) of § 18, 


> 1E [m> En = <E lelé >, (73) 


which gives us a meaning for each term in the sum on the left-hand 
side of (72). For continuous €’’s, the right-hand side of (73) gives the 
probability of the £s having values in the neighbourhood of £ per 
unit range of variation of the values £’. 

As in the classical theory, we may take a density equal to & times 
the above p and consider it as representing a Gibbs ensemble of k 
similar dynamical systems, between which there is no mutual dis- 
turbance or interaction. We shall then have k on the right-hand side 
of (72), and (70) or (71) will give the total average 8 for all the 
members of the ensemble, while (73) will give the total probability 
of a member of the ensemble having values for its £s equal to £’ 
or in the neighbourhood of £ per unit range of variation of the 
values £’. 

An important application of the Gibbs ensemble is to a dynamical 
system in thermodynamic equilibrium with its surroundings at a 
given temperature T. Gibbs showed that such a system is repre- 
sented in classical mechanics by the density 


= ce~HIkr (74) 


§ 33 THE GIBBS ENSEMBLE 135 


H being the Hamiltonian, which is now independent of the time, k 
being Boltzmann’s constant, and c being a number chosen to make 
the normalizing condition (66) hold. This formula may be taken over 
unchanged into the quantum theory. At high temperatures, (74) 
becomes p = c, which gives, on being substituted into the right-hand 
side of (73), c<é’|E') = c in the case of discrete £’’s. This shows that 
at high temperatures all discrete states are equally probable. 


VI 
ELEMENTARY APPLICATIONS 


34. The harmonic oscillator 

A SIMPLE and interesting example of a dynamical system in quantum 
mechanics is the harmonic oscillator. This example is of importance 
for general theory, because it forms a corner-stone in the theory of 
radiation. The dynamical variables needed for describing the system 
are just one coordinate q and its conjugate momentum p. The 
Hamiltonian in classical mechanics is 


l 
H == (p+ mwg?) (1) 


where m is the mass of the oscillating particle and w is 27 times the 
frequency. We assume the same Hamiltonian in quantum mechanics. 
This Hamiltonian, together with the quantum condition (10) of § 22, 
define the system completely. 
The Heisenberg equations of motion are 
dı = [0 H] = p/m, (2) 
pi = [Pp H] = —mw*y,. 
It is convenient to introduce the dimensionless complex dynamical 
variable q = (2milieo)-*(p-+ ime). (3) 
The equations of motion (2) give 
hy = (2mhw)*(—mw*q,+ iwp) = tw. 
This equation can be integrated to give . 

M = Nhe, (4) 
where 7, is a linear operator independent of t, and is equal to the 
value of n, at time t = 0. The above equations are all as in the 
classical theory. 

We can express q and p in terms of y and its conjugate complex 7 
and may thus work entirely in terms of 7 and 7. We have 
honī = (2m)1(p+-imeog)(p—imeng) 
= (2m) [p+ mug? +imo(gp— pa); 
= H—ihw (5) 
and similarly hwnn = H +łho. (6) 
Thus j=j = 1. (7) 
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Equation (5) or (6) gives H in terms of 7 and 7 and (7) gives the 
commutation relation connecting 7 and 7. From (5) 


hwii = jH— Yio 


and from (6) honni = H+ iho. 
Thus 7H —H7 = hw). (8) 
Also, (7) leads to An" — nn = ny" (9) 


for any positive integer n, as may be verified by induction, since, by 
multiplying (9) by 7 on the left, we can deduce (9) with n+1 for n. 
Let H’ be an eigenvalue of H and |H’> an eigenket belonging to it. 
From (5) 
fin H \nji|H’> = (H'|H—Hiw|H’) = (H’—Hiw)(H' |B’). 
Now <H'|n4|H’> is the square of the length of the ket 7|H’>, and 


hence (H'\nii\H’> > 0, 
the case of equality occurring only if 7|H’> = 0. Also <H’|H’> > 0. 
Thus H' > Ma, (10) 


the case of equality occurring only if 7|H’> = 0. From the form (1) 
of H as a sum of squares, we should expect its eigenvalues to be all 
positive or zero (since the average value of H for any state must be 
positive or zero). We now have the more stringent condition (10). 
From (8) 

HHY = (jH—ha7)|B'> = (H'—hw)q| H>. (11) 
Now if A’ Æ hw, 7|H’> is not zero and is then according to (11) an 
eigenket of H belonging to the eigenvalue H’—fw. Thus, with H’ 
any eigenvalue of H not equal to ñw, H’—fhw is another eigenvalue 
of H. We can repeat the argument and infer that, if H’—hw + $hw, 
H’—2hw is another eigenvalue of H. Continuing in this way, we 
obtain the series of eigenvalues H’, H'’—hw, H'’—2hw, H’— d3hw...., 
which cannot extend to infinity, because then it would contain eigen- 
values contradicting (10), and can terminate only with the value jhw. 
Again, from the conjugate complex of equation (8) | 

Hy|H'> = (nH-+hwn)|H'> = (H’ +iiw) |B’), 
showing that H’+-fw is another eigenvalue of H,,with 7|H’> as an 
eigenket belonging to it, unless 7|H’> = 0. The latter alternative 
can be ruled out, since it would lead to 


= hewijn|H') = (H+ Hieo)|H') = (H+ Hiw) |’, 
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which contradicts (10). Thus H’+#w is always another eigenvalue 
of H, and so are H'-+ 2iw, H’+3fw and soon. Hence the eigenvalues 
of H are the series of numbers 

thw, 3hw, bhw, thw, ... (12) 


extending to infinity. These are the possible energy values for the 
harmonic oscillator. 
Let |0> be an eigenket of H belonging to the lowest ‘eigenvalue 


1 
Shw, SO that 7/0) — 0, (13) 
and form the sequence of kets 


10>, 10>, 710),  nl0>, ~n. (14) 
These kets are all eigenkets of H, belonging to the sequence of eigen- 
values (12) respectively. From (9) and (13) 
jin” |0) = ny"-|0 (15) 
for any non-negative integer n. Thus the set of kets (14) is such that 
7 or 7 applied to any one of the set gives a ket dependent on the set. 
Now all the dynamical variables in our problem are expressible in terms 
of 7 and 7, so the kets (14) must form a complete set (otherwise there 
would be some more dynamical variables). There is just one of these 
kets for each eigenvalue (12) of H, so H by itself forms a complete 
commuting set of observables. The kets (14) correspond to the various 
stationary states of the oscillator. The stationary state with energy 
(n-+4)iw, corresponding to 7”|0>, is called the nth quantum state. 
The square of the length of the ket 7”|0) is 


<0|7"%" 10> — n<0|7”-17”-10> 

with the help of (15). By induction, we find that 
(01770) = n! (16) 
provided |0> is normalized. Thus the kets (14) multiplied by the 
coefficients n!-* with n = 0,1, 2,..., respectively form the basic kets 


of a representation, namely the representation with H diagonal. Any 
ket |x> can be expanded in the form 


IZ» = $ 2,110), (17) 


where the z,’s are numbers. In this way the ket |z> is put into 
correspondence with a power series > x,” in the variable y, the 
various terms in the power series corresponding to the various 
stationary states. If |xẹ is normalized, it defines a state for which 
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the probability of the oscillator being in the nth quantum state, 
i.e. the probability of H having the value (n+ 4)hw, is 

n n! [£n], (18) 
as follows from the same argument which led to (51) of § 18. 

We may consider the ket |0> as a standard ket and the power series 
in 7 as a wave function, since any ket can be expressed as such a 
wave function multiplied into this standard ket. We get a kind of 
wave function differing from the usual kind, introduced by equations 
(62) of § 20, in that it is a function of the complex dynamical variable 
7 instead of observables. It was first introduced by V. Fock, so we 
shall call the representation Fock’s representation. It is for many 
purposes the most convenient representation for describing states of 
the harmonic oscillator. The standard ket |0> satisfies the condition 
(13), which replaces the conditions (43) of § 22 for the standard ket 
in Schrédinger’s representation. 

Let us introduce Schrédinger’s representation with g diagonal and 
obtain the representatives of the stationary states. From (13) and (3) 


(p—tmwg)|0> = 0, 


SO <q |\p—imwg|0> = 0. 
With the help of (45) of § 22, this gives 
ð 7 A A 
Mad |0>--mag'<q'|0> = 0. (19) 
The solution of this differential equation is 
<q'|0> = (moo[ahyre-mon', (20) 


the numerical coefficient being chosen so as to make |0> normalized. 
We have here the representative of the normal state, as the state of 
lowest energy is called. The representatives of the other stationary 
states can be obtained from it. We have from (3) 


<q‘ |q"|0> = (2mhw)-"?¢q"|(p+-tmeg)"|0> 


- (2mifin)-"Pi"{ A seit moi’) <4 10> 


n 
= i" 2mo) mena) K masg) emoq? (21) 
gq 
This may easily be worked out for small values of'n. The result is of 
the form of e-”#27/2% times a bcwer series of degree n in g’. A further 
factor n!-# must be inserted in (21) to get the normalized representa- 
tive of the nth quantum state. The phase factor i” may be discarded. 
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35. Angular momentum 

Let us consider a particle described by the three Cartesian coordi- 
nates x, y, z and their conjugate momenta p,, Py, Pe- Its angular 
momentum about the origin is defined as in the classical theory, by 


My = YP, APy My = ZPr— UP, M, = TPy—YPar» (22) 
or by the vector equation 
m = xXxXp. 
We must evaluate the P.B.s of the angular momentum components 
with the dynamical variables x, p,, etc., and with each other. This 
we can do most conveniently with the help of the laws (4) and (5) of 
§ 21, thus 
[m2] = [xpy—YyP2.%|] = —Yy| Pat] = y, 


[m,y] = [py — Ypa y] = x[p,,y] = —2, 


[m,, 2] = [Py —YPa z] = 0, (24) 
and similarly, 


(23) 


[m,, Pa] = Py [My Py] = — Pr: (25) 
[m,, Pz] = 0, (26) 
with corresponding relations for m, and My. Again 
[M m,| = [2P — EP, m,| = Z| Par m,|—[z, M, |P 
= —2)y HYP: = Mz; 


(27) 
[M My] = My, [My m] = M,. 


These results are all the same as in the classical theory. The sign in 
the results (23), (25), and (27) may easily be remembered from the 
rule that the + sign occurs when the three dynamical variables, con- 
sisting of the two in the P.B. on the left-hand side‘and the one 
forming the result on the right, are in the cyclic order (xyz) and the 
— sign occurs otherwise. Equations (27) may be put in the vector 
form 


mxm = iim. (28) 

Now suppose we have several particles with angular momenta 

Mı, Mo... Each of these angular momentum vectors will satisfy 
(28), thus 


m,x m, = ihm,, 
and any one of them will commute with any other, so that 


m xm+tm xm, =0 (r 43). 
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Hence if M = > m, is the total angular momentum, 
MxM => m,xm, = >} m,xm,+ > (m,x m,+m, x m,) 
rs r r<s 
= th } m, = iiM. (29) 


This result is of the same form as (28), so that the components of the 
total angular momentum M of any number of particles satisfy the 
same commutation relations as those of the angular momentum of 
a single particle. 

Let A,, A,, A, denote the three coordinates of any one of the 
particles, or else the three components of momentum of one of 
the particles. The A’s will commute with the angular momenta of 
the other particles, and hence from (23), (24), (25), and (26) 


[M, 4] = 4p  [M,,A,] = —A [M,A] = 0. (30) 


If B,, B, B, are a second set of three quantities denoting the 
coordinates or momentum components of one of the particles, they 
will satisfy similar relations to (30). We shall then have 


[M,, A, B,+A, B,+A,B,] 
= [M,, A,|B,+4A.M,, B,|+[M,,A,]B,+ 4M, B,] 
= A,B,+A4,B,—A,B,—A,B, 
= Q. 


Thus the scalar product A, B,+A,B,+A,B, commutes with M, 
and similarly with M, and M,. Introduce the vector product 


Tv? 


AxXxB=C 
or 
A, B,—A, B, = C,, A, B,—A, B; = C}, A, B,—A, B; = Cy 
We have [M Ca] = —A, B,+A,B, = C 


and similarly [M,,C,| = —C,, [M0] = 0. 


These equations are again of the form (30), with C for A. We can 
conclude from this work that equations of the form (30) hold for the 
three components of any vector that we can construct from our 
dynamical variables, and that any scalar commutes with M. 

We can introduce linear operators R referring to rotations about 
the origin in the same way in which we introduced the linear operators 
D in § 25 referring to displacements. Taking a rotation through an 
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angle 5¢ about the z-axis and making 6¢ infinitesimal, we can obtain 
the limit operator corresponding to (64) of § 25, 


lim (R—1)/d¢, 
sm | )/od 


which we shall call the rotation operator about the z-axis and denote 
by r,. Like the displacement operators, r, is a pure imaginary linear 
operator and is undetermined to the extent of an arbitrary additive 
pure imaginary number. Corresponding to (66) of § 25, the change 
in any dynamical variable v caused by a rotation through a small 
angle ò about the z-axis is l 

dd(r, v—vr,) (31) 
to the first order in ò. Now the changes produced in the three 
components A,, A,, A, of a vector by a (right-handed) rotation ôg 
about the z-axis applied to all measuring apparatus are o¢4,, 
—64A,,, and 0 respectively, and any scalar quantity is unchanged by 
the rotation. Equating these changes to (31), we find that 


r,A,—A,7, = A,, 1,A,—A," = —A 
r,A,—A,r, = 0, 


and r, commutes with any scalar. Comparing these results with (30), 
we see that ir, satisfies the same commutation relations as M. 
Their difference, M,—ifr,, commutes with all the dynamical variables 
and must therefore be a number. This number, which is necessarily 
real since M, and thr, are real, may be made zero by a suitable choice 
of the arbitrary pure imaginary number that can be added to r,. We 
then have the result M, = ihr, (32) 


Similar equations hold for M, and M,. They are the analogues of (69) 
of §25. Thus the total angular momentum is connected with the rota- 
tion operators as the total momentum is connected with the displacement 
operators. This conclusion is valid for any point as origin. 

The above argument applies to the angular momentum arising 
from the motion of particles, defined by (22) for each particle. There 
is another kind of angular momentum occurring in atomic theory, 
spin angular momentum. The former kind of angular momentum will 
be called orbital angular momentum, to distinguish it. The spin angu- 
lar momentum of a particle should be pictured as due to some internal 
motion of the particle, so that it is associated with different degrees 
of freedom from those describing the motion of the particle as a whole, 


L? 
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and hence the dynamical variables that describe the spin must com- 
mute with x, Y, Z, Pz, Py, and p, The spin does not correspond very 
closely to anything in classical mechanics, so the method of classical 
analogy is not suitable for studying it. However, we can build up a 
theory of the spin simply from the assumption that the components 
of the spin angular momentum are connected with the rotation opera- 
tors in the same way as we had above for orbital angular momentum, 
i.e. equation (32) holds with M, as the z component of the spin angular 
momentum of a particle and r, as the rotation operator about the 
z-axis referring to states of spin of that particle. With this assump- 
tion, the commutation relations connecting the components of the 
spin angular momentum M with any vector A referring to the spin 
must be of the standard form (30), and hence, taking A to be the 
spin angular momentum itself, we have equation (29) holding also 
for the spin. We now have (29) holding quite generally, for any sum 
of spin and orbital angular momenta, and also (30) will hold generally, 
for M the total spin and orbital angular momentum and A any vector 
dynamical variable, and the connexion between angular momentum 
and rotation operators will be always valid. 

As an immediate consequence of this connexion, we can deduce the 
law of conservation of angular momentum. For an isolated system, the 
Hamiltonian must be unchanged by any rotation about the origin, in 
other words it must be a scalar, so it must commute with the angular 
momentum about the origin. Thus the angular momentum is a 
constant of the motion. For this argument the origin may be any 
point. 

As a second immediate consequence, we can deduce that a state 
with zero total angular momentum is spherically symmetrical. The state 
will correspond to a ket |S>, say, satisfying 


and hence r,|S> = 7r,|S> = 7,|S> = 0. 


This shows that the ket |S) is unaltered by infinitesimal rotations, 
and it must therefore be unaltered by finite rotations, since the latter 
can be built up from infinitesimal ones. Thus the state is spherically 
symmetrical. The converse theorem, a spherically symmetrical state 
has zero total angular momentum, is also true, though its proof is not 
quite so simple. A spherically symmetrical state corresponds to a ket 
|S) whose direction is unaltered by any rotation. Thus the change 
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in |S> produced by a rotation operator r}, Ty, or r, must be a numerical 
multiple of |S>, say 
r S> = cl SY, ry|S> = cœ lS), r,|S> = c| S>, 
where the c’s are numbers. This gives 
M,|S) = ttic,|S),  -M,|S> = the, |S), 

M,|S) = the,|8). (33) 
These equations are not consistent with the commutation relations 
(29) for M,, M,, M, unless c, = c, = c, = 0, in which case the state 
has zero total angular momentum. We have in (33) an example of 
a ket which is simultaneously an eigenket of the three non-commuting 


linear operators M,, M,, M, and this is possible only if all three 
eigenvalues are zero. 


36. Properties of angular momentum 

There are some general properties of angular momentum, deducible 
simply from the commutation relations between the three compo- 
nents. ‘These properties must hold equally for spin and orbital angular 
momentum. Let m,, m,, M, be the three components of an angular 
momentum, and introduce the quantity 8 defined by 

B= m+m+m?. 

Since $ is a scalar it must commute with m,, m, and m, Let us 
suppose we have a dynamical system for which m,, m,, m, are the 
only dynamical variables. Then 8 commutes with everything and 
must be a number. We can study this dynamical system on much 
the same lines as we used for the harmonic oscillator in § 34. 


Put M — im, = N). 
From the commutation relations (27) we get 


nn = (m, + im) (Mm, — im) = m2 +m—i(m, My—My Mz) 


= B—m;-+-hm, (34) 
and similarly ny = BP—m2—hm,,. (35) 
Thus ny—nH = 2hm,. (36) 
Also M, N— M, = thm,—hm, = —hn. (37) 


We assume that the components of an angular momentum are 
observables and thus m, has eigenvalues. Let m, be one of them, 
and |m,> an eigenket belonging to it. From (34) 


<m,|an|m,> = <m 8—m tim, m> = (B—m?--hm,)<m,|m. 
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The left-hand side here is the square of the length of the ket »!m,> 
and is thus greater than or equal to zero, the case of equality occur- 
ring if and only if n|m,> = 0. Hence 


p—mi2-Lhim, > 0, 


or B+? > (m)—4h)?. (38) 
Thus b+ih? > 0. 
Defining the number k by 

k-i = (B+)! = (m2-+-m3-+-m2+ Hey, (39) 


so that k > —4h, the inequality (38) becomes 
k+ > |m,— 4| 
or k+h > m, > —k. (40) 
An equality occurs if and only if nim} = 0. Similarly from (35) 
(malagim = (B—m,?—hm,)<m,|m,), 
showing that B—m—itim, > 0 
or k >m, > —k—h, 
with an equality occurring if and only if jim, = 0. This result 
combined with (40) shows that k > 0 and 
k > m, > —k, (41) 
with m, = kif jim, = 0 and m, = —k if nimp = 0. 
From (37) 
m, nIm = (nm, — ñn) m> = (m,—h)n|m,>. 
Now if m, Æ —k, ņn|m}> is not zero and is then an eigenket of m, 
belonging to the eigenvalue m,—n. Similarly, if m,—h Æ —k, m,—2h 
is another eigenvalue of m,, and so on. We get in this way a series 
of eigenvalues m,,m,—h, m,—2h,..., which must terminate from (41), 
and can terminate only with the value —k. Again, from the conjugate 
complex of equation (37) 
m, 7m = (jm,+hq)|m,> = (m -+ý M), 
showing that m,+4 is another eigenvalue of m, unless 7|m,> = 0, in 
which case m, = k. Continuing in this way we get a series of eigen- 
values m,,m,+,m,+2h,..., which must terminate from (41), and 
can terminate only with the value k. We can conclude that 2k is an 
integral multiple of # and that the eigenvalues of m, are 


k, k—h, k—2h, ..., —k-+h, —k. (42) 


146 ELEMENTARY APPLICATIONS § 36 


The eigenvalues of m, and m, are the same, from symmetry. These 
eigenvalues are all integral or half odd integral multiples of %, accord- 
ing to whether 2k is an even or odd multiple of h. 

Let |max) be an eigenket of m, belonging to the maximum eigen- 


value k, so that q|max> = 0, (43) 


and form the sequence of kets 
Imax), „|max, 7*|max>, ..., 7?*/*|max). (44) 


These kets are all eigenkets of m,, belonging to the sequence of eigen- 
values (42) respectively. The set of kets (44) is such that the operator 
7 applied to any one of them gives a ket dependent on the set (7 
applied to the last gives zero), and from (36) and (43) one sees 
that 7 applied to any one of the set also gives a ket dependent on the 
set. All the dynamical variables for the system we are now dealing 
with are expressible in terms of 7 and 7%, so the set of kets (44) is a 
complete set. There is just one of these kets for each eigenvalue (42) 
of m,, so m, by itself forms a complete commuting set of observables. 

It is convenient to define the magnitude of the angular momentum 
vector m to be k, given by (39), rather than £t, because the possible 


values for k are 0, 4h, h, 8h, Qh, ..., (45) 


extending to infinity, while the possible values for £? are a more 
complicated set of numbers. 

For a dynamical system involving other dynamical variables besides 
M, My, and m,, there may be variables that do not commute with f. 
Then £ is no longer a number, but a general linear operator. This 
happens for any orbital angular momentum (22), as x, Y, Z, Pr» Py, and 

p, do not commute with £. We shall assume that $ is always an 
observable, and k can then be defined by (39) with the positive square 
root function and is also an observable. We shall call k so defined 
the magnitude of the angular momentum vector m in the general 
case. The above analysis by which we obtained the eigenvalues of 
m, is still valid if we replace |m,> by a simultaneous eigenket |k’m,> 
of the commuting observables k and m,, and leads to the result that 
the possible eigenvalues for k are the numbers (45), and for each 
eigenvalue k’ of k the eigenvalues of m, are the numbers (42) with k’ 
substituted for k. We have here an example of a phenomenon which 
we have not met with previously, namely that with two commuting 
observables, the eigenvalues of one depend on what eigenvalue we 
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assign to the other. This phenomenon may be understood as the two 
observables being not altogether independent, but partially functions 
of one another. The number of independent simultaneous eigenkets 
of k and m, belonging to the eigenvalues k’ and m, must be indepen- 
dent of mj, since for each independent jk’m,> we can obtain an 
independent |k’m;>, for any m; in the sequence (42), by multiplying 
|k’m,> by a suitable power of y or 7. 

As an example let us consider a dynamical system with two angular 
momenta m, and m,, which commute with one another. If there are 
no other dynamical variables, then all the dynamical variables com- 
mute with the magnitudes k, and k, of m, and mg, so k, and k, are 
numbers. However, the magnitude K of the resultant angular 
momentum M = m,+m, is not a number (it does not commute 
with the components of m, and m,) and it is interesting to work out 
the eigenvalues of K. This can be done most simply by a method 
of counting independent kets. There is one independent simultaneous 
eigenket of m,, and m,, belonging to any eigenvalue m,, having one of 
the values k,, k,—h, k,—2h,..., —k and any eigenvalue m,, having one 
of the values k, k,—h, k,—2h,..., —k,, and this ket is an eigenket 
of M, belonging to the eigenvalue M, = m,,+m,,. The possible 
values of M, are thus k,+45,4,+k,—h, ky +k,—2h,...,—k,—k,, and 
the number of times each of them occurs is given by the following 
scheme (if we assume for definiteness that k, > ky), 


kitka, kytka ~ Bi, Hey + log — 2h... Hey — ka, boy — leg —hh,.. 


1 2 3. kpl 2ka+l 46) 
— kitka, —hy + hy—hi,...,— hy —hy 
2k,- 1 ke .. 1 


Now each eigenvalue K’ of K will be associated with the eigenvalues 
K’, K'—h, K'—2h,..., —K’ for M,, with the same number of indepen- 
dent simultaneous eigenkets of K and M, for each of them. The total 
number of independent eigenkets of M, belonging to any eigenvalue 
M’, must be the same, whether we take them to be simultaneous 
eigenkets of m,, and Ms, or simultaneous eigenkets of K and M, i.e. 
it is always given by the scheme (46). It follows that the eigenvalues 
for K are 

kitka kythe—h, ky+h,—2h, ..., hy—ke, (47) 


and that for each of these eigenvalues for A and an eigenvalue for 
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M, going with it there is just one independent simultaneous eigenket 
of K and M, 

The effect of rotations on eigenkets of angular momentum variables 
should be noted. Take any eigenket |My of the z component of total 
angular momentum for any dynamical system, and apply to it a small 
rotation through an angle $¢ about the z-axis. It will change into 


(1-+5¢r,) M> = (1—186,/h)|M2> 
with the help of (32). This equals 
(1—i86.Mi/h)| i> = PIMI My 


to the first order in ô. Thus |M}Y gets multiplied by the numerical 
factor e~®¢4Jt, By applying a succession of these small rotations, we 
find that the application of a finite rotation through an angle ¢ about 
the z-axis causes |.) to get multiplied by e~t$MJñ, Putting 6 = 2r, 
we find that an application of one revolution about the z-axis leaves 
|!» unchanged if the eigenvalue M, is an integral multiple of # and 
causes |) to change sign if M, is half an odd integral multiple of x. 
Now consider an eigenket |K’> of the magnitude K of the total angu- 
lar momentum. If the eigenvalue K’ is an integral multiple of f, the 
possible eigenvalues of Mare all integral multiples of% and the applica- 
tion of one revolution about the z-axis must leave |K’> unchanged. 
Conversely, if K’ is half an odd integral multiple of #, the possible eigen- 
values of M, are all half odd integral multiples of # and the revolution 
must change the sign of |K’>. From symmetry, the application of a 
revolution about any other axis must have the same effect on |" 
as one about the z-axis. We thus get the general result, the application 
of one revolution about any axis leaves a ket unchanged or changes its 
sign according to whether it belongs to eigenvalues of the magnitude of 
the total angular momentum which are integral or half odd integral 
multiples of h. A state, of course, is always unaffected by the revolu- 
tion, since a state is unaffected by a change of sign of the ket corre- 
sponding to it. 

For a dynamical system involving only orbital angular momenta, 
a ket must be unchanged by a revolution about an axis, since we can 
set up Schrédinger’s representation, with the coordinates of all the 
particles diagonal, and the Schrédinger representative of a ket will 
get brought back to its original value by the revolution. It follows 
that the eigenvalues of the magnitude of an orbital angular momentum 
are always integral multiples of h. The eigenvalues of a component 
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of an orbital angular momentum are also always integral multiples 
of %. For a spin angular momentum, Schrédinger’s representation 
does not exist and both kinds of eigenvalue are possible. 


37. The spin of the electron 

Electrons, and also some of the other fundamental particles (pro- 
tons, neutrons) have a spin whose magnitude is 44. This is found 
from experimental evidence, and also there are theoretical reasons 
showing that this spin value is more elementary than any other, even 
spin zero (see Chapter XI). The study of this particular spin is there- 
fore of special importance. 

For dealing with an angular momentum m whose magnitude is 4%, 
it is convenient to put m = io. (48) 


The components of the vector o then satisfy, from (27), 


Oy 0,—0,0y = 210, 
C,0,—8,0, = 210y, (49) 
Cz Oy—TyF, = o. 


The eigenvalues of m, are 47 and —}i, so the eigenvalues of c, are 1 
and —1, and o? has just the one eigenvalue 1. It follows that of must 
equal 1, and similarly for of and oĉ, i.e. 

o = o, = of = l. (50) 
We can get equations (49) and (50) into a simpler form by means of 
some straightforward non-commutative algebra. From (50) 


o,0,—c,0, = 0 
or oyy az — Tz Oy) + (t,0,—9,0,)o, = 9 
or OyO HOgy = 0 
with the help of the first of equations (49). This means op oy = —o, Cz 


Two dynamical variables or linear operators like these which satisfy 
the commutative law of multiplication except for a minus sign will 
be said to anticommute. Thus o, anticommutes with o,. From sym- 
metry each of the three dynamical variables o,, o,, o, must anti- 
commute with any other. Equations (49) may now be written 


y Iz = toy y’ 
0,0, = 10, = — O; Oz, (51) 
Oy Oy = 10, = — Cy Oy, 
and also from (50) On OyT; = t. (52) 


3595.57 L 
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Equations (50), (51), (52) are the fundamental equations satisfied by 
the spin variables o describing a spin whose magnitude is 3%. 

Let us set up a matrix representation for the o’s and let us take c, 
to be diagonal. If there are no other independent dynamical variables 
besides the m’s or o’s in our dynamical system, then c, by itself forms 
a complete set of commuting observables, since the form of equations 
(50) and (51) is such that we cannot construct out of o,, cy, and c, 
any new dynamical variable that commutes with c,. The diagonal 
elements of the matrix representing c, being the eigenvalues 1 and 
—1 of c, the matrix itself will be 


Let c, be represented by (i Hl 


This matrix must be Hermitian, so that a, and a, must be real and 


a, and az conjugate complex numbers. The equation o,¢, = —o,9, 
gives us 
— ? 
—A, —a a, —a 


so that a, = a, = 0. Hence c, is represented by a matrix of the form 


0 a, 

a, 0J 
The equation of, = 1 now shows that aa, = 1. Thus a, and ag, being 
conjugate complex numbers, must be of the form et% and e~t% re- 


spectively, where « is a real number, so that c, is represented by a 
matrix of the form | 0 zo 


ete Oy 
Similarly it may be shown that c, is also represented by a matrix of 
this form. By suitably choosing the phase factors in the representa- 


tion, which is not completely determined by the condition that c, 
shall be diagonal, we can arrange that c„ shall be represented by the 


matrix 01 
1 Oo} 

The representative of o, is then determined by the equation 

c, = 10,0, We thus obtain finally the three matrices 


(op k o o (53) 
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to represent o,, cy, and c, respectively, which matrices satisfy all the 
algebraic relations (49), (50), (51), (52). The component of the vector 
c in an arbitrary direction specified by the direction cosines l, m, n, 
namely lc,-+-mo,-+na,, 1s represented by 

| i N: (54) 

lim —n 

The representative of a ket vector will consist of just two numbers, 

corresponding to the two values +1 and —1 for o,. These two num- 
bers form a function of the variable o, whose domain consists of only 
the two points +1 and —1. The state for which c, has the value unity 
will be represented by the function, f,(c,) say, consisting of the pair 
of numbers 1, 0 and that for which c, has the value —1 will be 
represented by the function, fg(c,) say, consisting of the pair 0, 1. 
Any function of the variable o,, i.e. any pair of numbers, can be 
expressed as a linear combination of these two. Thus any state can 
be obtained by superposition of the two states for which a, equals +1 and 
—1 respectively. For example, the state for which the component of 
o in the direction l, m, n, represented by (54), has the value +1 is 
represented by the pair of numbers a, b which satisfy 


iim —n Je) = A 

lLtim —n J\b b 

or na+(l—im)b = a, 

(¢-+ium)a—nb = b. 

a _inim _ itn 

b l—n ltim’ 

This state can be regarded as a superposition of the two states for 


which c, equals +1 and — 1, the relative weights in the superposition 
process being as 
la|? : |b]? = |[l—em|?: (l—n)* = 1+n: 1—n. (55) 
For the complete description of an electron (or other elementary 
particle with spin 4%) we require the spin dynamical variables o, 
whose connexion with the spin angular momentum is given by (48), 
together with the Cartesian coordinates x, y, z and momenta Pr, Py» 
p, The spin dynamical variables commute with these coordinates 
and momenta. Thus a complete set of commuting observables for a 
system consisting of a single electron will be x, y, z, o, In a repre- 
sentation in which these are diagonal, the representative of any state 


Thus 
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will be a function of four variables x’, y’, z’, o}. Since c, has a domain 
consisting of only two points, namely 1 and —1, this function of four 
variables is the same as two functions of three variables, namely the 
two functions 


<e'y'2"|>, = ey 2,4+1)>, eyz > = <e',y’, 2,1). (56) 
Thus the presence of the spin may be considered either as introducing a 


new variable into the representative of a state or as giving this representa- 
tive two components. 


38. Motion in a central field of force 

An atom consists of a massive positively charged nucleus together 
with a number of electrons moving round, under the influence of the 
attractive force of the nucleus and their own mutual repulsions. An 
exact treatment of this dynamical system is a very difficult mathe- 
matical problem. One can, however, gain some insight into the main 
features of the system by making the rough approximation of regard- 
ing each electron as moving independently in a certain central field 
of force, namely that of the nucleus, assumed fixed, together with 
some kind of average of the forces due to the other electrons. Thus 
our present problem of the motion of a particle in a central field of 
force forms a corner-stone in the theory of the atom. 

Let the Cartesian coordinates of the particle, referred to a system 
of axes with the centre of force as origin, be x, y, z and the corre- 
sponding components of momentum p,, Py, Pe The Hamiltonian, 
with neglect of relativistic mechanics, will be of the form 


H = 1/2m.(pe+py+pz)+V, (57) 
where V, the potential energy, is a function only of (#?+-y?+2?). To 


develop the theory it is convenient to introduce polar dynamical 
variables. We introduce first the radius 7, defined as the positive 


square root r = (x2@+y2+22)f, 
Its eigenvalues go from 0 tooo. If we evaluate its P.B.s with p,, Dy, 


and p,, we obtain, with the help of formula (32) of § 22, . 


or yY 2 
[r, Pz] — ax — T? [r, Py] — r? [r, Pz] — r? 


the same as in the classical theory. We introduce also the dynamical 
variable p, defined by 


Pr = r apyg t+ YPy tee): (58 
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Its P.B. with r is given by 
lr, p,] = [rp] = [7 tpa typy +p] 


= a[7, Pa] + yl, Py] +elr, Pel 
= x.a/r+y.y/r+z.z/r =r. 
Hence | [7,p,| = 1 
or Tp, —p,r = ih. 


The commutation relation between r and p, is just the one for a 
canonical coordinate and momentum, namely equation (10) of § 22. 
This makes p, like the momentum conjugate to the r coordinate, but 
it is not exactly equal to this momentum because it is not real, its 
conjugate complex being ' 


P, = (P€ +HPy yY HP = (Pr +yPy+zp,—3ih)r™ 
= (rp,—3ih)r-! = p, —2iñr-. (59) 
Thus p,—thr- is real and is the true momentum conjugate to r. 
The angular momentum m of the particle about the origin is given 
by (22) and its magnitude k is given by (39). Since r and p, are 
scalars, they commute with m, and therefore also with k. 
We can express the Hamiltonian in terms of r, p,, and k. We have, 


if S denotes a sum over cyclic permutations of the suffixes x, y, z 
LYS 


k(k-+-h) = 2 m2 = > (XPy—YPx)” 
Lys 
= x LPy LPy + YP YPx— Py YPr—YPa XPy) 


= > (2293 + y*pi— EPa Py Y—YPy Pr +H LPZ LP zp Pr t — 
M —2iñiæp,) 
= (L?+y +2) pi py +p) — 
— (2p, HYPy HP) (Pa 2 +HPy Y +P, 2+ 2th) 
= (pit pi + p3) — rpp, r+ 20h) 
= (pit pi-+p2)—rpzr. 
from (59). Hence 


H = (aar I) LY. (60) 


2m\r 
This form for H is such that k commutes not only with H, as is 
necessary since k is a constant of the motion, but also with every 
dynamical variable occurring in H, namely r, p,, and V, which is a 
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function of r. In consequence, a simple treatment becomes possible, 
namely, we may consider an eigenstate of k belonging to an eigen- 
value k’ and then we can substitute k’ for k in (60) and get a problem 
in one degree of freedom r. 

Let us introduce Schrédinger’s representation with x, y, z diagonal. 
Then p,, Py, Pz are equal to the operators —ih 0/éa, —ih a/dy, —th o/dz 
respectively. A state is represented by a wave function y(xyzt) satis- 
fying Schrédinger’s wave equation (7) of § 27, which now reads, with 
H given by (57), 

4. Ou h2(o? a æ 

if- = A at T y (61) 
We may pass from the Cartesian coordinates x,y,z to the polar 
coordinates r, 0, ġ by means of the equations 


x = rsin f cos ø, 
y = rsin f sino, (62) 
z = r cos 0, 


and may express the wave function in terms of the polar coordinates, 
so that it reads %(r@¢dt). The equations ( ” ene the ae equation 


3 Ge dO , wa 4 dz oO Ly z ð 
Or Or Gu” ər by RT oh m rôz’ 
which shows, on being compared with (58), that p, = —ihd/oér. Thus 
Schrédinger’s wave equation reads, with the form (60) for H, 
Op [A 1 2 k(k-+h) 
= . 63 
M ot = |Z- r ore hr? jr (68) 


Here k is a certain linear operator which, since it commutes with r 
and 9/ér, can involve only 8, $, 0/0, and 0/@¢. From the formula 


k(k--h) = m2-+-m2 +m, (64) 


which comes from (39), and from (62) one can work out the form of 
k(k-+h) and one finds 


kk) 1 8.8 1 2 
= —— 2 sing 2 _ 65 
i Sin 0 30 55 sin? OP (65) 


This operator is well known in mathematical physics. Its eigen- 
functions are called spherical harmonics and its eigenvalues are 
n(n+1) where n is an integer. Thus the theory of spherical har- 
monics provides an alternative proof that the eigenvalues of k are 
integral multiples of %. 
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For an eigenstate of k belonging to the eigenvalue nf (n a non- 
negative integer) the wave function will be of the form 
| © p = X(t) SnG), (66) 
where S,,(0¢) satisfies . 
k(k-+)S,(6$) = n(n-+ 1)K*S,,(0¢), (67) 
i.e. from (65) S, is a spherical harmonic of order n. The factor r-t 
is inserted in (66) for convenience. Substituting (66) into (63), we 
get as the equation for x 
oy [Ff a nnl) 
h- = (|__| ——- 
at fa Or? r? J4+V |x (68) 
If the state is a stationary state belonging to the energy value H’, 
x will be of the form 


x(rt) = xo(rje tA" 
and (68) will reduce to 
2 2 
mas Eiere 

This equation may be used to determine the energy-levels H’ cf the 
system. For each solution yọ of (69), arising from a given n, there 
will be 2n-++-1 independent states, because there are 2n+1 indepen- 
dent solutions of (67) corresponding to the 2n-+1 different values 
that a component of the angular momentum, m, say, can take on. 

The probability of the particle being in an element of volume 
dædyáz is proportional to |%|?dxdydz. With % of the form (66) this 
becomes r-?|x|?|S,, |?dadydz. The probability of the particle being in 
a spherical shell between r and r+dr is then proportional to |x|*dr. 
It now becomes clear that, in solving equation (68) or (69), we must 
impose a boundary condition on the function y at r = 0, namely the 
function must be such that the integral to the origin Í Iy|? dr is 

0 


convergent. If this integral were not convergent, the wave function 
would represent a state for which the chances are infinitely in favour 
of the particle being at the origin and such a state would not be 
physically admissible. 

The boundary condition at r = 0 obtained by the above considera- 
tion of probabilities is, however, not sufficiently stringent. We get a 
more stringent condition by verifying that the wave function obtained 
by solving the wave equation in polar coordinates (63) really satisfies 
the wave equation in Cartesian coordinates (61). Let us take the case 
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of V = 0, giving us the problem of the free particle. Applied to a 
stationary state with energy H’ = 0, equation (61) gives 
Va = 0, (70) 


where V? is written for the Laplacian operator 0?/dx?-+ 6?/dy?-+- 2°/d2°, 
and equation (63) gives 


(- of see) = 0. (71) 


r or her? 


A solution of (71) for k = 0 is ẹọ = r~. This does not satisfy 
(70), since, although V?r-t vanishes for any finite value of r, its integral 
through a volume containing the origin is —4a (as may be verified 
by transforming this volume integral to a surface integral by means 
of Gauss’s theorem), and hence 


V2r-1 == — 4r 8(x)6(y)0(z). (72) 


Thus not every solution of (71) gives a solution of (70), and more 
generally, not every solution of (63) is a solution of (61). We must 
impose on the solution of (63) the condition that it shall not tend to 
infinity as rapidly as r-t when r —> 0 in order that, when substituted 
into (61), it shall not give a 6 function on the right like the right-hand 
side of (72). Only when equation (63) is supplemented with this condi- 
tion does it become equivalent to equation (61). We thus have the 
boundary condition rs -> 0 or y —> 0 as r —> 0. 

There are also boundary conditions for the wave function at r = œ. 
If we are interested only in ‘closed’ states, i.e. states for which the 
particle does not go off to infinity, we must restrict the integral to 


infinity f lx(7)|? dr to be convergent. These closed states, however, 
are not the only ones that are physically permissible, as we can also 
have states in which the particle arrives from infinity, is scattered 
by the central field of force, and goes off to infinity again. For these 
states the wave function may remain finite as r > oo. Such states will 
be dealt with in Chapter VIII under the heading of collision problems. 
In any case the wave function must not tend to infinity as r > œ, or 
it will represent a state that has no physical meaning. 


39. Enersgy-levels of the hydrogen atom 
The above analysis may be applied to the problem of the hydrogen 
atom with neglect of relativistic mechanics and the spin of the 
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electron. The potential energy V is nowt —e?/r, so that equation 
(69) becomes 
d? n(n+1) , 2me* 1 2m’ 
ao FE E Xo (73) 
A thorough investigation of this equation has been given by Schrö- 
dinger.t We shall here obtain its eigenvalues H’ by an elementary 


argument. 
It is convenient to put 
Xo = f (rye, (74) 
introducing the new function f(r), where a is one or other of the 
square roots a = +(—4?/2mH'). (75) 


Equation (73) now becomes 


d? 2d n(n+1) 2meæ1 E 
ha- g re t pf) = 9 (76) 
We look for a solution of this equation in the form of a power series 
flr) = Ler (77) 


in which consecutive values for s differ by unity although these 
values themselves need not be integers. On substituting (77) in (76) 
we obtain 

¥ c,{s(s—1)r-?— (28/a)r*-1 —n(n-+ 1) rs? ++ (2me?/h?)re-1} = 0, 

8 
which gives, on equating to zero the coefficient of r*-*, the following 
relation between successive coefficients Cy, 


c[s(s—1)—n(n+1)] = c,_,[2(s—1)/a—2me?/h? ]. (78) 


We saw in the preceding section that only those eigenfunctions x 
are allowed that tend to zero with r and hence, from (74), f(r) must 
tend to zero with r. The series (77) must therefore terminate on the 
side of small s and the minimum value of s must be greater than zero. 
Now the only possible minimum values of s are those that make the 
coefficient of c, in (78) vanish, i.e. n+1 and —n, and the second 
of these is negative or zero. Thus the minimum value of s must be 
n-+-1. Since n is always an integer, the values of s will all be integers. 

+ The e here, denoting minus the charge on an electron, is, of course, to be dis- 


tinguished from the e denoting the base of exponentials. 
f Schrédinger, Ann, d. Physik, 79 (1926), 361. 
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The series (77) will in general extend to infinity on the side of large s. 
For large values of s the ratio of successive terms is 


according to (78). Thus the series (77) will always converge, as the 
ratios of the higher terms to one another are the same as for the 


series 
1 /2r 
2, “lc a) (79) 
which converges to e272, 


We must now examine how our solution yọ behaves for large 
values ofr. We must distinguish between the two cases of H’ positive 
and H’ negative. For H’ negative, a given by (75) will be real. Sup- 
pose we take the positive value for a. Then as r >œ the sum of the 
series (77) will tend to infinity according to the same law as the sum 
of the series (79), i.e. the law e?/¢, Thus, from (74), yọ will tend to 
infinity according to the law e”@ and will not represent a physically 
possible state. There is therefore in general no permissible solution 
of (73) for negative values of H’. An exception arises, however, when- 
ever the series (77) terminates on the side of large s, in which case the 
boundary conditions are all satisfied. The condition for this termina- 
tion of the series is that the coefficient of c,_, in (78) shall vanish for 
some value of the suffix s—I not less than its minimum value n+1, 
which is the same as the condition that 


sme 
a fe 
for some integer s not less than n+1. With the help of (75) this 


condition becomes 4 
p' me 


= 8 
2822h’ (80) 


and is thus a condition for the energy-level H’. Since s may be any 
positive integer, the formula (80) gives a discrete set of negative 
energy-levels for the hydrogen atom. These are in agreement with 
experiment. For each of them (except the. lowest one s = 1) there 
are several independent states, as there are various possible values 
for n, namely any positive or zero integer less than s. This multi- 
plicity of states belonging to an energy-level is in addition to that 
mentioned in the preceding section arising from the various possible 
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values for a component of angular momentum, which latter multi- 
plicity occurs with any central field of force. The n multiplicity occurs 
only with an inverse square law of force and even then is removed 
when one takes relativistic mechanics into account, as will be found 
in Chapter XI. The solution x, of (73) when H’ satisfies (80) tends to 
zero exponentially as r > co and thus represents a closed state (corre- 
sponding to an elliptic orbit in Bohr’s theory). 

For any positive values of H’, a given by (75) will be pureimaginary. 
The series (77), which is like the series (79) for large r, will now have a 
sum that remains finite asr >co. Thus y, given by (74) willnowremain 
finite as r ->œ and will therefore be a permissible solution of (73), 
giving a wave function ys that tends to zero according to the law 77? as 
r—>co. Hence in addition to the discrete set of negative energy-levels 
(80), all positive energy-levels are allowed. The states of positive 


energy are not closed, since for them the integral to infinity Í Ixo ar 
does not converge. (These states correspoad to the hyperbolic orbits 
of Bohr’s theory.) 


40. Selection rules 

If a dynamical system is set up in a certain stationary state, it will 
remain in that stationary state so long as it is not acted upon by 
outside forces. Any atomic system in practice, however, frequently 
gets acted upon by external electromagnetic fields, under whose 
influence it is liable to cease to be in one stationary state and to make 
a transition to another. The theory of such transitions will be de- 
veloped in §§ 44and 45. A result of this theory is that, to a high degree 
of accuracy, transitions between two states cannot occur under the 
influence of electromagnetic radiation if, in a Heisenberg representa- 
tion with these two stationary states as two of the basic states, the 
matrix element, referring to these two states, of the representative 
of the total electric displacement D of the system vanishes. Now it 
happens for many atomic systems that the great majority of the 
matrix elements of D in a Heisenberg representation do vanish, and 
hence there are severe limitations on the possibilities for transitions. 
The rules that express these limitations are called selection rules. 

The idea of selection rules can be refined by a more detailed 
application of the theory of §§ 44 and 45, according to which 
the matrix elements of the different Cartesian components of the 
vector D are associated with different states of polarization of the 
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electromagnetic radiation. The nature of this association is just what 
one would get if one considered the matrix elements, or rather their 
real parts, as the amplitudes of harmonic oscillators which interact 
with the field of radiation according to classical electrodynamics. 
There is a general method for obtaining all selection rules, as 
follows. Let us call the constants of the motion which are diagonal in 
the Heisenberg representation «’s and let D be one of the Cartesian 
components of D. We must obtain an algebraic equation connecting 
D and the «’s which does not involve any dynamical variables other 
than D and the «’s and which is linear in D. Such an equation will 


be of the form © f. Dg, = 0, (81) 


where the f,’s and g,’s are functions of the a’s only. If this equation 
is expressed in terms of representatives, it gives us 


> Arlo Ka |D |ax™g,(x") = 0, 


or Co’ |D a 2 F(o')g,(a”) = 0, 
which shows that <«’|D|x”> = 0 unless 
2 Jlag la") = 0. (82) 


This last equation, giving the connexion which must exist between 
x and a” in order that <a’|D|«”> may not vanish, constitutes the 
selection rule, so far as the component D of D is concerned. 

Our work on the harmonic oscillator in § 34 provides an example 
of a selection rule. Equation (8) is of the form (81) with 7 for D and 
H playing the part of the «’s, and it shows that the matrix elements 
(H'|n|H"> of 7 all vanish except those for which H”’—H’ = fiw. The 
conjugate complex of this result is that the matrix elements <H’ |n| H”) 
of » all vanish except those for which H”—H’ = —fw. Since q is a 
numerical multiple of 1—7, i matrix elements (H’|qg|H”> all vanish 
except those for which H”—H’ = +hw. If the harmonic oscillator 
carries an electric charge, “is electric displacement D will be pro- 
portional to q. The selection rule is then that only those transitions 
can take place in which the energy H changes by a single quan- 
tum fiw. 

We shall now obtain the selection rules fer m, and k for an electron 
moving in a central field of force. The components. of electric dis- 
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placement are here proportional to the Cartesian coordinates x, y, Z. 

Taking first m,, we have that m, commutes with z, or that 
M,%2—2M, = Q. 


This is an equation of the required type (81), giving us the selection 


rule , n 
M, — M, = 0 


for the z-component of the displacement. Again, from equations 


(23) we have [m, [m,e] = [m,y] = —2 


or mx—2m,am,+am—hx = 0, 

which is also of the type (81) and gives us the selection rule 
m,2—24m,m,+m?—l = 0 

or (mi—m,—h)(m,—m,+h) = 0 

for the x-component of the displacement. The selection rule for the 

y-component is the same. Thus our selection rules for m, are that 

in transitions associated with radiation with a polarization corresponding 

to an electric dipole in the z-direction, m, cannot change, while in transi- 

tions associated with a polarization corresponding to an electric dipole 

in the x-direction or y-direction, m, must change by +h. 

We can determine more accurately the state of polarization of the 
radiation associated with a transition in which m, changes by +4, by 
considering the condition for the non-vanishing of matrix elements 
of xz+iy and x—iy. We have 

[m,,2--iy] = y—iz = —i(z+iy) 
which is again of the type (81). It gives 
m,—m,—h = 0 
ag the condition that <mj,|x--iy|m%) shall not vanish. Similarly, 
m,—m,+h = 0 
is the condition that (m’,|x—iy|m%> shall not vanish. Hence 
<m,|e—ty|m,—h> = 0 
or Cm elm, — ñy = i<m,ly Im, — > = (a+ib)e' 
say, a, b, and w being real. The conjugate complex of this is 
Cm, — hiem, = —i<m|,—iily|m,y = (a—ibje™. 


Thus the vector 4{<m,|D|m,—fh>+<m,—h|D \m;,>}, which determines 
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the state of polarization of the radiation associated with transitions 
for which m} = m,—n, has the following three components 


Hlm, elm, — h+ <i, — ilem} 
= d{(a+ib)e -+ (a—ib)e" = acos wt—b sin att, 


ym, ly [m — h> + <m,—hly|m,y} (83) 
= hi{—(a+rb)e + (a—rb)e*". = asin wt+b cos wt, 
4{(m,|z|m,—h> + (m,—hz|m,} = 0. 

From the form of these components we see that the associated radia- 
tion moving in the z-direction will be circularly polarized, that 
moving in any direction in the zy-plane will be linearly polarized in 
this plane, and that moving in intermediate directions will be 
elliptically polarized. The direction of circular polarization for radia- 
tion moving in the z-direction will depend on whether w is positive 
or negative, and this will depend on which of the two states m, or 
m, = m,—ñ has the greater energy. 
We shall now determine the selection rule for k. We have 


[A(A+H), 2] = [m2,z]+[m2, 2] 
= — YM, —M,Y+LM, + My XL 
= 2(m,x«—m, y+thz) 


= 2(m, ours ) = 2(am,—m,y). 


Similarly, [k(k+h), x] = 2(ym,—m,z) 
and. [k(k+h), y] = 2(m,z—xm,). 
Hence 


[e(k-+h), [k(e+7), 2] 
= 2| k(k+ř), m, x—m, y+ iñz] . 
= mls) x|—2m,[k(k-+-h), y|+ 2h k(k-+h), z] 
= 4m,(ym,—m, 2) —4m,(m, z—xm,) + Wk(k+h)z—zkh(k+h)} 
== a atm, y+m,z)m,—4(m2-+ mi +m) 
+ 2fk(k+h)z—zk(k+h)}. 
From (22) M,X+M,Y+M,z2 = 0 (84) 
and hence 
[A(k-+-h), (k(k-+4&), z]] = —2{k(k+h)z+zk(k+hy)}, 
which gives 
k?(k-+h)?2—2Qh(k+h)zkh(k+h)+2h2(k+h)e— 
— 47{k(k-+A)jz+ek(k+h)} = 0. (85) 
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Similar equations hold for x and y. These equations are of the re- 
quired type (81), and give us the selection rule 

klk +h)2*— 2k (k Ak (k +h) +k" (hk +h) 

— 2h7k'(k’ +-h)—2hP7k" (k" +h) = 0, 
which reduces to 
(k +h" + 2h) (k’ +k" (k — k" +h)(k’—k"—h) = 0. 
A transition can take place between two states k’ and k” only if one 
of these four factors vanishes. 

Now the first of the factors, (k’-+-k” +2), can never vanish, since 
the eigenvalues of & are all positive or zero. The second, (k’+k"), can 
vanish only if k’ = 0 and k” = 0. But transitions between two states 
with these values for k cannot occur on account of other selection 
rules, as may be seen from the following argument. If two states 
(labelled respectively with a single prime and a double prime) are 
such that k’ = 0 and k” = 0, then from (41) and the corresponding 
results for m, and My, mi, = m, = m, = 0 and mi = mi, = m, = 0. 
The selection rule for m, now shows that the matrix elements of 
x and y referring to the two states must vanish, as the value of m, 
does not change during the transition, and the similar selection rule 
for m, or m, shows that the matrix element of z also vanishes. Thus 
transitions between the two states cannot occur. Our selection rule 
for k now reduces to 

(k’ —k" +h) (k’—k" —h) = 0, 
showing that k must change by +ñ. This selection rule may be written 
k?—2k' k" +h —h? = 0, 


and since this is the condition that a matrix element <k’ |z|k") shall 
not vanish, we get the equation 


k?z—2kzk+zk?—ň?z = 0 

or [k, [k,z]] = —z, (86) 
a result which could not easily be obtained in a more direct way. 

As a final example we shall obtain the selection rule for the magni- 
tude K of the total angular momentum M of a general atomic system. 
Let x, y,z be the coordinates of one of the electrons. We must obtain 
the condition that the (K’, K”) matrix element of x, y, or z shall not 
vanish. This is evidently the same as the condition that the (K’, K”) 
matrix element of À, À or A; shall not vanish, where A,, Ag, and A; 
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are any three independent linear functions of x, y, and z with numeri- 
cal coefficients, or more generally with any coefficients that commute 
with K and are thus represented by matrices which are diagonal with 


respect to K. Let M = M,£+ M, y+ Mz, 
A, = M ,z— M, y — iñe, 
A, = Mx —M,z— iy, 
à, = M,y—M,x— hz. 
We have 
M, às t My àyt Mà = > (W M,z—M, M, y —ihM x) 


TYZ 


= > (M,M,—M,M,—iñM)z=0 (87) 
TYZ 


from (29). Thus A,, A,, and A, are not linearly independent functions 
of x, y, and z. Any two of them, however, together with A) are three 
linearly independent functions of x, y, and z and may be taken as the 
above Az, Ag, Ag, Since the coefficients M,, M,, M, all commute with K. 
Our problem thus reduces to finding the condition that the (K’, K”) 
matrix elements of Ag, A,, A,, and A, shall not vanish. The physical 
meanings of these A’s are that A, is proportional to the component of 
the vector (x,y,z) in the direction of the vector M, and Az, Ay, Àz are 
proportional to the Cartesian components of the component of (x, y, 2) 
perpendicular to M. 

Since A, is a scalar it must commute with K. It follows that only 
the diagonal elements <K'|A)|K’> of à can differ from zero, so the 
selection rule is that K cannot change so far as à is concerned. Apply- 


ing (30) to the vector Àp, Ày, À» we have 
[WZ Àz] = Ày» |M, Ày] = —A,, [M à] = 0. 

These relations between M, and A,,A,, à are of exactly the same form 
as the relations (23), (24) between m, and x,y,z, and also (87) is of 
the same form as (84). The dynamical variables 4,, 4,, A, thus have the 
same properties relative to the angular momentum M as x,y,z have 
relative to m. The deduction of the selection rule for k when the 
electric displacement is proportional to (x, y, z) can therefore be taken 
over and applied to the selection rule for K when the electric displace- 
ment is proportional to (Às, Àp, à). We find in this way that, so far as 


Àz Ày, A, are concerned, the selection rule for K is that it must change 


by -Ef. 
Collecting results, we have as the selection rule for K that it must 
change by 0 or --#. We have considered the electric displacement 
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produced by only one of the electrons, but the same selection rule 
must hold for each electron and thus also for the total electric dis- 
placement. 


41. The Zeeman effect for the hydrogen atom 
We shall now consider the system of a hydrogen atom in a uniform 
magnetic field. The Hamiltonian (57) with V = —e?/r, which describes 
the hydrogen atom in no external field, gets modified by the magnetic 
field, the modification, according to classical mechanics, consisting 
in the replacement of the components of momentum, Py, Py, Pz by 
pa+elc. Ags Pytele-Ay pzte/e.A,, where A,, A,, A, are the com- 
ponents of the vector potential describing the field. For a uniform 
field of magnitude # in the direction of the z-axis we may take 
A, = —4Hy, A, = 4x, A, = 0. The classical Hamiltonian will 
then be 
2 2 
H= al (e552) +(+ E Ha) +i 


r 


2 


This classical Hamiltonian may be taken over into the quantum 
theory if we add on to it a term giving the effect of the spin of the 
electron. According to experimental evidence and according to the 
theory of Chapter XI, the electron hasa magnetic moment —eñ/2mc.s, 
where o is the spin vector of § 37. The energy of this magnetic moment 
in the magnetic field will be eh #/2mc.o,. Thus the total quantum 
Hamiltonian will be 


I le 2 le 2 e? 
H = 2 ((r.—35%) +[oy+3 eA +P3}—< + 


m 


ch 


. (88 


There ought strictly to be other terms in this Hamiltonian giving the 
interaction of the magnetic moment of the electron with the electric 
field of the nucleus of the atom, but this effect is small, of the same 
order of magnitude as the correction one gets by taking relativistic 
mechanics into account, and will be neglected here. It will be taken 
into account in the relativistic theory of the electron given in 
Chapter XI. 

If the magnetic field is not too large, we can neglect terms involving 
#2, so that the Hamiltonian (88) reduces to 


Lge may Oo OM any eh dt 
H = oan (p2+py+D2) tome (XP y— YP) + Smo 7 
loo, g, n 0, ef 
_ Lopp?) — E 4p l 89 


3595.57 M 
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The extra terms due to the magnetic field are now e4/2mc.(m,+-ho,). 
But these extra terms commute with the total Hamiltonian and are 
thus constants of the motion. This makes the problem very easy. 
The stationary states of the system, i.e. the eigenstates of the Hamil- 
tonian (89), will be those eigenstates of the Hamiltonian for no field 
that are simultaneously eigenstates of the observables m, and o,, or 
at least of the one observable m,--fic,, and the energy-levels of the 
system will be those for the system with no field, given by (80) if 
one considers only closed states, increased by an eigenvalue of 
e//2mc.(m,+io,). Thus stationary states of the system with no 
field for which m, has the numerical value m,, an integral multiple 
of %, and for which also a, has the numerical value o, = +1, will still 
be stationary states when the field is applied. Their energy will be 
increased by an amount consisting of the sum of two parts, a part 
eFt/2mc.m, arising from the orbital motion, which part may be con- 
sidered as due to an orbital magnetic moment —em,/2mc, and a part 
eH /2mc.ho,, arising from the spin. The ratio of the orbital magnetic 
moment to the orbital angular momentum m, is —e/2mc, which is 
half the ratio of the spin magnetic moment to the spin angular 
momentum. This fact is sometimes referred to as the magnetic 
anomaly of the spin. 

Since the energy-levels now involve m,, the selection rule for m, 
obtained in the preceding section becomes capable of direct com- 
parison with experiment. We take a Heisenberg representation in 
which, among other constants of the motion, m, and c, are diagonal. 
The selection rule for m, now requires m, to change by 7, 0, or —h, 
while o, since it commutes with the electric displacement, will not 
change at all. Thus the energy difference between the two states 
taking part in the transition process will differ by an amount 
eh. A /2mc, 0, or —eh.A/2mc from its value for no magnetic field. 
Hence, from Bohr’s frequency condition, the frequency of the 
associated electromagnetic radiation will differ by eA/4amc, 0, or 
—eH#/4nmc from that for no magnetic field. This means that each 
spectral line for no magnetic field gets split up by the field into three 
components. If one considers radiation moving in the z-direction, 
then from (83) the two outer components will be circularly polarized, 
while the central undisplaced one will be of zero intensity. These 
results are in agreement with experiment and also with the classical 
theory of the Zeeman effect. 


VII 
PERTURBATION THEORY 


42. General remarks 
In the preceding chapter exact treatments were given of some simple 
dynamical systems in the quantum theory. Most quantum problems, 
however, cannot be solved exactly with the present resources of 
mathematics, as they lead to equations whose solutions cannot be 
expressed in finite terms with the help of the ordinary functions of 
analysis. For such problems one can often use a perturbation method. 
This consists in splitting up the Hamiltonian into two parts, one of 
which must be simple and the other small. The first part may then 
be considered as the Hamiltonian of a simplified or unperturbed 
system, which can be dealt with exactly, and the addition of the 
second will then require small corrections, of the nature of a perturba- 
tion, in the solution for the unperturbed system. The requirement 
that the first part shall be simple requires in practice that it shall not 
involve the time explicitly. If the second part contains a small 
numerical factor e, we can obtain the solution of our equations for 
the perturbed system in the form of a power series in «e, which, pro- 
vided it converges, will give the answer to our problem with any 
desired accuracy. Even when the series does not converge, the first 
approximation obtained by means of it is usually fairly accurate. 
There are two distinct methods in perturbation theory. In one of 
these the perturbation is considered as causing a modification of the 
states of motion of the unperturbed system. In the other we do not 
consider any modification to be made in the states of the unperturbed 
system, but we suppose that the perturbed system, instead of remain- 
ing permanently in one of these states, is continually changing from 
one to another, or making transitions, under the influence of the 
perturbation. Which method is to be used in any particular case 
depends on the nature of the problem to be solved. The first method 
is useful usually only when the perturbing energy (the correction in the 
Hamiltonian for the undisturbed system) does not involve the time 
explicitly, and is then applied to the stationary states. It can be used 
for calculating things that do not' refer to any definite time, such as 
the energy-levels of the stationary. states of the perturbed system, or, 
in the case of collision problems, the probability of scattering through 
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a given angle. The second method must, on the other hand, be used 
for solving all problems involving a consideration of time, such as 
those about the transient phenomena that occur when the perturba- 
tion is suddenly applied, or more generally problems in which the 
perturbation varies with the time in any way (i.e. in which the per- 
turbing energy involves the time explicitly). Again, this second 
method must be used in collision problems, even though the per- © 
turbing energy does not here involve the time explicitly, if one 
wishes to calculate absorption and emission probabilities, since these 
probabilities, unlike a scattering probability, cannot be defined with- 
out reference to a state of affairs that varies with the time. 

One can summarize the distinctive features of the two methods by 
saying that, with the first method, one compares the stationary states 
of the perturbed system with those of the unperturbed system; with 
the second method one takes a stationary state of the unperturbed 
system and sees how it varies with time under the influence of the 
perturbation. 


43. The change in the energy-levels caused by a perturbation 
The first of the above-mentioned methods will now be applied to 
the calculation of the changes in the energy-levels of a system caused. 
by a perturbation. We assume the perturbing energy, like the Hamil- 
tonian for the unperturbed system, not to involve the time explicitly. 
Our problem has a meaning, of course, only provided the energy-levels 
of the unperturbed system are discrete and the differences between 
them are large compared with the changes in them caused by the 
perturbation. This circumstance results in the treatment of perturba- 
tion problems by the first method having some different features 
according to whether the energy-levels of the unperturbed system are 
discrete or continuous. 
Let the Hamiltonian of the perturbed system be 
H = EY, (1) 
E being the Hamiltonian of the unperturbed system and V the small 
perturbing energy. By hypothesis each eigenvalue H’ of H lies very 
close to one and only one eigenvalue H’ of E. We shall use the same 
number of primes to specify any eigenvalue of H and the eigenvalue 
of E to which it lies very close. Thus we shall have H” differing from 
E” by a small quantity of order V and differing from E’ by a quantity 
that is not small unless E’ = E”. We must now take care always to 
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use different numbers of primes to specify eigenvalues of H and E 
which we do not want to lie very close together. 
To obtain the eigenvalues of H, we have to solve the equation 
H|E’^ = A’ |B’) 

or (H’—H)\H') = VE’. (2) 
Let |0> be an eigenket of E belonging to the eigenvalue Æ’ and 
suppose the |H’) and H’ that satisfy (2) to differ from |0> and Æ” 
only by small quantities and to be expressed as 

"> = [0)+|D+[2)4.-4 | 

H' = E’+a,+a,+..., 
where |1> and a, are of the first order of smallness (i.e. the same order 
as V), |25 and a, are of the second order, and so on. Substituting 
these expressions in (2), we obtain 
{H’ —EB+a,+a,+...H]0>+|1>+[2+...} = V{JO>+|D+..-}. 

If we now separate the terms of zero order, of the first order, of the 
second order, and so on, we get the following set of equations, 


(E'— £)|0> = 0, 
(E’ — F)|1>+a,|0> = V0), (4) 
(E'— E)|2>+-a,|1>+4,|0> = Vid, 


The first of these equations tells us, what we have already assumed, ` 
that |0> is an eigenket of FE belonging to the eigenvalue Æ’. The others 
enable us to calculate the various corrections |1), |2),..., Q1 Qas... 
For the further discussion of these equations it is convenient to 
. introduce a representation in which Æ is diagonal, i.e. a Heisenberg 
representation for the unperturbed system, and to take H itself as 
one of the observables whose eigenvalues label the representatives. 
Let the others, in the event of others being necessary, as is the case 
when there is more than one eigenstate of # belonging to any eigen- 
value, be called f’s. A basic bra is then <H”B”|. Since |0> is an 
eigenket of Æ belonging to the eigenvalue K’, we have 
<E"R"10> = Onn f (P), (5) 
where f(8”) is some function of the variables 8”. With the help of this 
result the second of equations (4), written in terms of representatives, 
becomes 


(E'— BE") BB") +a ôr e fE") = 2 CE’B'|VIE'BY FB’). (6) 
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Putting E” = H’ here, we get 
a, f(B") = > (EVR VER’ F(R). (7) 


Equation (7) is of the form of the standard equation in the theory 
of eigenvalues, so far as the variables p’ are concerned. It shows that 
the various possible values for a, are the eigenvalues of the matrix 
(E'B"|\V|E'p’y. This matrix is a part of the representative of the 
perturbing energy in the Heisenberg representation for the unper- 
turbed system, namely, the part consisting of those elements that 
refer to the same unperturbed energy-level E’ for their row and 
column. Each of these values for a, gives, to the first order, an energy- 
level of the perturbed system lying close to the energy-level Æ’ of the 
unperturbed system.t There may thus be several energy-levels of the 
perturbed system lying close to the one energy-level Æ’ of the unper- 
turbed system, their number being anything not exceeding the 
number of independent states of the unperturbed system belonging 
to the energy-level #’. In this way the perturbation may cause a 
separation or partial separation of the energy-levels that coincide 
at E’ for the unperturbed system. 

Equation (7) also determines, to the zero order, the representatives 
(E"B"\0> of the stationary states of the perturbed system belonging 
to energy-levels lying close to F’, any solution f(6’) of (7) substituted 
in (5) giving one such representative. Each of these stationary states 
of the perturbed system approximates to one of the stationary states 
of the unperturbed system, but the converse, that each stationary 
state of the unperturbed system approximates to one of the stationary 
states of the perturbed system, is not true, since the general 
stationary state of the unperturbed system belonging to the energy- 
level F’ is represented by the right-hand side of (5) with an arbitrary 
function f(8”). The problem of finding which stationary states of 
the unperturbed system approximate to stationary states of the 
perturbed system, i.e. the problem of finding the solutions f(£') of 
(7), corresponds to the problem of ‘secular perturbations’ in classical 
mechanics. It should be noted that the above results are indepen- 
dent of the values of all those matrix elements of the perturbing 

+ To distinguish these energy-levels one from another we should require some 
more elaborate notation, since according to the present notation they must all be 
specified by the same number of primes, namely by the number of primes specifying 


the energy-level of the unperturbed system from which they arise. For our present 
purposes, however, this more elaborate notation is not required. 
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energy which refer to two different energy-levels of the unperturbed 
system. 

Let us see what the above results become in the specially simple case 
when there is only one stationary state of the unperturbed system 
belonging to each energy-level.t In this case Æ alone fixes the repre- 
sentation, no f’s being required. The sum in (7) now reduces to a 
single term and we get 

a, = <B'|V |B’). (8) 
There is only one energy-level of the perturbed system lying close to 
any energy-level of the unperturbed system and the change in energy 
is equal, in the first order, to the corresponding diagonal element of the 
perturbing energy in the Hersenberg representation for the unperturbed 
system, or to the average value of the perturbing energy for the correspond- 
ing unperturbed state. The latter formulation of the result is the same 
as in classical mechanics when the unperturbed system is multiply 
periodic. 

We shall proceed to calculate the second-order correction a, in 
the energy-level for the case when the unperturbed system is non- 
degenerate. Equation (5) for this case reads 


< E"[0> == Omens . 
with neglect of an unimportant numerical factor, and equation (6) 
reads (E'— E” EB") +a, pg — <E" VIE’). 
This gives us the value of <4"|1> when £” Æ H’, namely 
, (ENV IE 
BE’ Wy = >= 
E" = Se. (9) 


The third of equations (4), written in terms of representatives, 
becomes 
(E'— E" B"|25+a,¢k" | I>+a, Ò prg — 2, <E" | VE’ CE” l>. 
Putting #” = E' here, we get 
a LE’ |15 +a => CHEV |B CB, 


which reduces, with the help of (8), to 
My = > <E'|V|E"X<E"]|L>. 
EFE 


+ A system with only one stationary state belonging to each energy-level is often 
called non-degenerate and one with two or more stationary states belonging to an 
energy-level is called degenerate, although these words are not very appropriate from 
the modern point of view. 


3 
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Substituting for <#”|1> from (9), we obtain finally 
<i’ | VE) ENV IE 


E! — p" 
Ei’ + E’ 


giving for the total energy change to the second order 
; , EK’ V E" E” V EK’ 
ata = <P + SY SUE OE o 
E'’— E 
EFE 
The method may be developed for the calculation of the higher 
approximations if required. General recurrence formulas giving the 
nth order corrections in terms of those of lower order have been 
obtained by Born, Heisenberg, and Jordan.f 


44. The perturbation considered as causing transitions 

We shall now consider the second of the two perturbation methods 
mentioned in § 42. We suppose again that we have an unperturbed 
system governed by a Hamiltonian Æ which does not involve the 
time explicitly, and a perturbing energy V which can now be an 
arbitrary function of the time. The Hamiltonian for the perturbed 
system is again H = H+V. For the present method it does not 
make any essential difference whether the energy-levels of the 
unperturbed system, i.e. the eigenvalues of F, form a discrete or 
continuous set. We shall, however, take the discrete case, for 
definiteness. We shall again work with a Heisenberg representation 
for the unperturbed system, but as there will now be no advantage in 
taking H itself as one of the observables whose eigenvalues label the 
representatives, we shall suppose we have a general set of a’s to label 
the representatives. 

Let us suppose that at the initial time ¢, the system is in a state for 
which the «’s certainly have the values «’. The ket corresponding to 
this state is the basic ket |x’). If there were no perturbation, i.e. if the 
Hamiltonian were H, this state would be stationary.. The perturba- 
tion causes the state to change. At time t the ket corresponding to the 
state in Schrodinger’s picture will be T |x’), according to equation (1) 
of § 27. The probability of the «’s then having the values a” is 


P(x”) = [<a |T |x]. (11) 
For a” Æ «', P(&«'a”) is the probability of a transition taking place 
from state «’ to state «” during the time interval t, >t, while P(a’a’) 


+ Z. f. Physik, 35 (1925), 565. 
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is the probability of no transition taking place at all. The sum of 
P(«’x") for all x” is, of course, unity. 

Let us now suppose that initially the system, instead of being 
certainly in the state «’, is in one or other of various states a’ with 
the probability P, for each. The Gibbs density corresponding to this 
distribution is, according to (68) of § 33 


p = X Pya (12) 


At time t, each ket |x’) will have changed to T |a’) and each bra <«'| 
to ¢a’|7', so p will have changed to 


py = X Ta’) P T. (13) 


The probability of the «’s then having the values a” will be, from 
7 tt n > wt , riin 
(73) £$ 33, ca pla) = E <T la’ Py Xo! T 


= X Py Plea’) (14) 


with the help of (11). This result expresses that the probability of 
the system being in the state «” at time t is the sum of the probabilities 
of the system being initially in any state «’ Æ a”, and making a transi- 
tion from state «’ to state «” and the probability of its being initially 
in the state a” and making no transition. Thus the various transition 
probabilities act independently of one another, according to the 
ordinary laws of probability. 

The whole problem of calculating transitions thus reduces to the 
determination of the probability amplitudes <a”|T'|«’>. These can be 
worked out from the differential equation for 7’, equation (6) of § 27, or 


WaT [dt = HT = (H+V)T. (15) 

The calculation can be simplified by working with 
mx — EtA, (16) 

We have HhaT* dt = éA — ET +1h dT /dt) 
— gpEAVty T = V*T*, (17) 
where V* = ei ECAV e—iEUolh, (18) 


i.e. V* is the result of applying a certain unitary transformation to V. 
Equation (17) is of a more convenient form than (15), because (17) 
makes the change in 7’* depend entirely on the perturbation V, and 
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for V = 0 it would make T* equal its initial value, namely unity. 
We have from (16) 


la” | T* lx — eE HAN y” | Tla’), 


so that P(x”) = Ka" T*|x>]?, (19) 
showing that T* and T are equally good for determining transition 
probabilities. 


Our work up to the present has been exact. We now assume V is 
a small quantity of the first order and express 7'* in the form 


T* = 147F4+ 7TF+..., (20) 
where T*¥ is of the first order, 7'¥ is of the second, and so on. Substi- 
tuting (20) into (17) and equating terms of equal order, we get 

HAT F [dt = V*, 
iid T* Jdt = V*T*, (21) 


From the first of these equations we obtain 
t 
Te = ih | V*() dt, (22) 
to 


from the second we obtain 
t 4 
T* = —ä | V*(t') dt’ [ VC") dt”, (23) 
to to 
and so on. For many practical problems it is sufficiently accurate to 
retain only the term 7*, which gives for the transition probability 
P(o'o”) with a” Æ a’ 
2 


P(a'a") = f-? 


t 
Co" | V*(t') dt’ |x’) 
to 


i (24) 
| Kot" |V¥(t') la’ dt’ 


fo 


2 


= f,-2 


We obtain in this way the transition probability to the second order 
of accuracy. The result depends only on the matrix element 
<a" |V*(t’)|a'> of V*(t’) referring to the two states concerned, with t’ 
going from ¢, to t. Since V* is real, like V, 

Ca" V(t a = ol VEEN 
and hence Pla'x”) = Paa’) | (25) 


to the second order of accuracy. 
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Sometimes one is interested in a transition «’ > «” such that the 
matrix element <a”|V*|a’> vanishes, or is small compared with other 
matrix elements of V*. It is then necessary to work to a higher 
accuracy. If we retain only the terms T* and Ty, we get, for a” Æ a’, 


P(a'a") = K- 


t 
f VAE) a> at’ — 
to 


f t’ 2 
it F | Ca” VEE) |”) de | Ca |V*(t") |’) dt”| . (26) 
oe” 04" 00" 
to to 

The terms a” = a' and a” = a” are omitted from the sum since they 
are small compared with other terms of the sum, on account of the 
smallness of <«”|V*|x’>. To interpret the result (26), we may suppose 
that the term 


t 
f VEE ae! (27) 
to 
gives rise to a transition directly from state «’ to state œ”, while the 
term t A 
ih} | Ca" |V*(t) |e”) dt! | Ca |\V*(E") a’ dt" (28) 
to fy 


gives rise to a transition from state «’ to state a”, followed by a 
transition from state œ” to state a”. The state «” is called an tnter- 
mediate state in this interpretation. We must add the term (27) to the 
various terms (28) corresponding to different intermediate states 
and then take the square of the modulus of the sum, which means 
that there is interference between the different transition processes— 
the direct one and those involving intermediate states—and one can- 
not give a meaning to the probability for one of these processes by 
itself. For each of these processes, however, there is a probability 
amplitude. If one carries out the perturbation method to a higher 
degree of accuracy, one obtains a result which can be interpreted 
similarly, with the help of more complicated transition processes 
involving a succession of intermediate states. 


45. Application to radiation 

In the preceding section a general theory of the perturbation of an 
atomic system was developed, in which the perturbing energy could 
vary with the time in an arbitrary way. A perturbation of this 
kind can be realized in practice by allowing incident electromagnetic 
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radiation to fall on the system. Let us see what our result (24) reduces 
to in this case. 

If we neglect the effects of the magnetic field of the incident radia- 
tion, and if we further assume that the wave-lengths of the harmonic 
components of this radiation are all large compared with the dimen- 
sions of the atomic system, then the perturbing energy is simply the 


scalar product V = (D, 8), (29) 


where D is the total electric displacement of the system and € is 
the electric force of the incident radiation. We suppose € to be a 
given function of the time. If we take for simplicity the case when 
the incident radiation is plane polarized with its electric vector in 
a certain direction and let D denote the Cartesian component of D 
in this direction, the expression (29) for V reduces to the ordinary 


product yV = DE 
where € is the magnitude of the vector €. The matrix elements of 
V are a" |V |a’> — <x" |Dia'd€, 
since € is a number. The matrix element <«”|D|a«’> is independent 
of t. From (18) 

Ca" |V*(t) oe! = <a” |D |a pei E -ENE (t), 


and hence the expression (24) for the transition probability becomes 
t 2 

P(x”) = f-?| <x" |D a’ |? | ete BX ORE) a) (30) 

to 

If the incident radiation during the time interval t to t is resolved 

into its Fourier components, the energy crossing unit area per unit 

frequency range about the frequency v will be, according to classical 
electrodynamics, i 


2 
E, = a | e2mivt' te) (t) i , (31) 
2r 
to 
Comparing this with (30), we obtain 
P(x”) = 2ach-?| a" Dla E, (32) 
where v = |E"— E’ |jh. (33) 


From this result we see in the first place that the transition proba- 
bility depends only on that Fourier component of the incident radia- 
tion whose frequency v is connected with the change of energy by (33). 
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This gives us Bohr’s Frequency Condition and shows how the ideas 
of Bohr’s atomic theory, which was the forerunner of quantum 
mechanics, can be fitted in with quantum mechanics. 

The present elementary theory does not tell us anything about the 
energy of the field of radiation. It would be reasonable to assume, 
though, that the energy absorbed or liberated by the atomic system 
in the transition process comes from or goes into the component of 
the radiation with frequency v given by (33). This assumption will 
be justified by the more complete theory of radiation given in 
Chapter X. The result (32) is then to be interpreted as the proba- 
bility of the system, if initially in the state of lower energy, absorb- 
ing radiation and being carried to the upper state, and if initially in 
the upper state, being stemulated by the incident radiation to emit 
and fall to the lower state. The present theory does not account for 
the experimental fact that the system, if in the upper state with no 
incident radiation, can emit spontaneously and fall to the lower state, 
but this also will be accounted for by the more complete theory of 
Chapter X. 

The existence of the phenomenon of stimulated emission was in- 
ferred by Einstein,t long before the discovery of quantum mechanics, 
from a consideration of statistical equilibrium between atoms and a 
field of black-body radiation satisfying Planck’s law. Einstein showed 
that the transition probability for stimulated emission must equal 
that for absorption between the same pair of states, in agreement 
with the present quantum theory, and deduced also a relation con- 
necting this transition probability with that for spontaneous emission, 
which relation is in agreement with the theory of Chapter X. 

The matrix element <«”|D|a’> in (32) plays the part of the ampli- 
tude of one of the Fourier components of D in the classical theory of 
a multiply-periodic system interacting with radiation. In fact it was 
the idea of replacing classical Fourier components by matrix elements 
which led Heisenberg to the discovery of quantum mechanics in 1925. 
Heisenberg assumed that the formulas describing the interaction with 
radiation of a system in the quantum theory can be obtained from 
the classical formulas by substituting for the Fourier components of 
the total electric displacement of the system the corresponding matrix 
elements. According to this assumption applied to spontaneous emis- 
sion, a system having an electric moment D will, when in the state 


t+ Einstein, Phys. Zeits. 18 (1917), 121. 
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a’, spontaneously emit radiation of frequency v = (H'—E")/h, where 
E” is an energy-level, less than Æ’, of some state a”, at the rate 


£ Cn cal" D la"? (34) 


The distribution of this radiation over the different directions of 
emission and its state of polarization for each direction will be the 
same as that for a classical electric dipole of moment equal to the 
real part of <«”|D|a’>. To interpret this rate of emission of radiant 
energy as a transition probability, we must divide it by the quantum 
of energy of this frequency, namely hv, and call it the probability per 
unit time of this quantum being spontaneously emitted, with the 
atomic system simultaneously dropping to the state a” of lower 
energy. These assumptions of Heisenberg are justified by the present 
radiation theory, supplemented by the spontaneous transition theory 
of Chapter X. 


46. Transitions caused by a perturbation independent of the 
time 

The perturbation method of § 44 is still valid when the perturbing 
energy V does not involve the time ¢ explicitly. Since the total 
Hamiltonian H in this case does not involve ¢ explicitly, we could 
now, if desired, deal with the system by the perturbation method of 
§ 43 and find its stationary states. Whether this method would be 
convenient or not would depend on what we want to find out about 
the system. If what we have to calculate makes an explicit reference 
to the time, e.g. if we have to calculate the probability of the system 
being in a certain state at one time when we are given that it is in a 
certain state at another time, the method of § 44 would be the more 
convenient one. 

Let us see what the result (24) for the transition probab’ lity becomes 
when V does not involve t explicitly and let us take tọ = 0 to simplify 
the writing. The matrix element <«”|V|a’> is now independent of t, 


and from (18) Ca” | V*(t’) la> — la” | V ja pet E" Eh (35) 
t UE" —E’ Vth — ] 
so J AIT (Ele dt! = K V A TETA 


provided a + HK’. Thus the transition probability (24) becomes 
Pala!) = Ka [Y a> Pet EAA eE E" — BY 
= 2x” |V |a’>|?[1—cos{(#" — B')t/h}|/( Eh" —B')’. (36) 
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If E” differs appreciably from Æ’ this transition probability is small 
and remains so for all values of t. This result is required by the law 
of the conservation of energy. The total energy H is constant and 
hence the proper-energy # (i.e. the energy with neglect of the part 
V due to the perturbation), being approximately equal to H, must 
be approximately constant. This means that if # initially has the 
numerical value Æ’, at any later time there must be only a small 
probability of its having a numerical value differing considerably 
from 4’. 

On the other hand, when the initial state «’ is such that there exists 
another state œ” having the same or very nearly the same proper- 
energy Æ, the probability of a transition to the final state «” may be 
quite large. The case of physical interest now is that in which there 
is a continuous range of final states a” having a continuous range of 
proper-energy levels Æ” passing through the value Æ’ of the proper- 
energy of the initial state. The initial state must not be one of the 
continuous range of final states, but may be either a separate discrete 
state or one of another continuous range of states. We shall now have, 
remembering the rules of § 18 for the interpretation of probability 
amplitudes with continuous ranges of states, that, with P(«'a”) 
having the value (36), the probability of a transition to a final state 
within the small range œ” to a"+da«" will be P(«'a”) da” if the initial 
state «’ is discrete and will be proportional to this quantity if œ’ is 
one of a continuous range. 

We may suppose that the a’s describing the final state consist of 
E together with a number of other dynamical variables 8, so that we 
have a representation like that of § 43 for the degenerate case. (The 
B’s, however, need have no meaning for the initial state «’.) We shall 
suppose for definiteness that the f’s have only discrete eigenvalues. 
The total probability of a transition to a final state œ” for which the 
B’s have the values 8” and Æ has any value (there will be a strong 
probability of its having a value near the initial value Æ’) will now 
be (or be proportional to) 


J Plein 'x") dE" 


—2 Í |< EB" V |x’> P[L—cos{(E"— E')t/A}]/(E"—E')? dE” (37) 


= 2th-1 f |< H’+ha/t, B’|V la> P — cos x]/x? dx 
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if one makes the substitution (E”— E’)t/ii = x. For large values of t 
this reduces to 
WK- (E’B"|V Jole Í [1—cos x]/x? dx 


= Ith E' B" |V la)’. (38) 

Thus the total probability up to time t of a transition to a final state 

for which the f’s have the values $” is proportional to t. There is 

therefore a definite probability coefficient, or probability per unit time, 
for the transition process under consideration, having the value 

rh EB’ B'|V |x’ |?. (39) 

It is proportional to the square of the modulus of the matrix element, 

associated with this transition, of the perturbing energy. 
If the matrix element <H’f”|V|a’> is small compared with other 


matrix elements of V, we must work with the more accurate formula 
(26). We have from (35) 


t vv 
Í Ca” |V*(t') |” dt’ Í Ca” |V*(E") la> dt” 
0 0 


t’ 


t 
— Kal" |V la” <a” |V la Y J elk” -E"WIì dt’ [ eer —E win dt” 
0 


_ <a | V |a” | 4 Je 


(a Fy > f {euE -EWIK — pE" - ig dt’. 


For E” close to Æ’, only the first term inthe integrand here gives rise 
to a transition probability of physical importance and the second 
term may be discarded. Using this result in (26) we get 
P(e’ ce’) 

9 Cot" |V a ><a | V |x" >|? 1—cos{(E"— E')i/h} 
A” EA” o B" E (£ — )? 
which replaces (36). Proceeding as before, we obtain for the transi- 
tion probability per unit time to a final state for which the f’s have 
the values £” and E has a value close to its initial value Æ” 

S EVEN) 

Q” EALA” E" — BP 
This formula shows how intermediate states, differing from the initial 
state and final state, play a role in the determination of a probability 
coefficient. 


Ca"|V a" 


ron 
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In order that the approximations used in deriving (39) and (40) may 
be valid, the time ¢ must be not too small and not too large. It must 
be large compared with the periods of the atomic system in order that 
the approximate evaluation of the integral (37) leading to the result 
(38) may be valid, while it must not be excessively large or else the 
general formula (24) or (26) will break down. In fact one could make 
the probability (38) greater than unity by taking t large enough. The 
upper limit to t is fixed by the condition that the probability (24) or 
(26), or ¿ times (39) or (40), must be small compared with unity. There 
is no difficulty in ¢ satisfying both these conditions simultaneously 
provided the perturbing energy V is sufficiently small. 


47. The anomalous Zeeman effect 

One of the simplest examples of the perturbation method of § 43 
is the calculation of the first-order change in the energy-levels of an 
atom caused by a uniform magnetic field. The problem of a hydrogen 
atom in a uniform magnetic field has already been dealt with in § 41 
and was so simple that perturbation theory was unnecessary. The 
case of a general atom is not much more complicated when we make 
a few approximations such that we can set up a simple model for the 
atom. 

We first of all consider the atom in the absence of the magnetic 
field and look for constants of the motion or quantities that are 
approximately constants of the motion. The total angular momen- 
tum of the atom, the vector j say, is certainly a constant of the 
motion. This angular momentum may be regarded as the sum of two 
parts, the total orbital angular momentum of all the electrons, 1 say, 
and the total spin angular momentum, s say. Thus we have j =I-s. 
Now the effect of the spin magnetic moments on the motion of the 
electrons is small compared with the effect of the Coulomb forces and 
may be neglected as a first approximation. With this approximation 
the spin angular momentum of each electron is a constant of the 
motion, there being no forces tending to change its orientation. Thus 
s, and hence also 1, will be constants of the motion. The magnitudes, 
l, s, and j say, of 1, s, and j will be given by 


Lith = (EEE By, 
st+hh = (s8+s?-+582+407)}, 
GAR = (JHI 2+ 4h), 


3595.57 N 
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corresponding to equation (39) of § 36. They commute with each 
other, and from (47) of § 36 we see that with given numerical values 
for l and s the possible numerical values for j are 

Its, l+s—n, ..., |l—s|. 

Let us consider a stationary state for which J, s, and 7 have definite 
numerical values in agreement with the above scheme. The energy 
of this state will depend on l, but one might think that with neglect 
of the spin magnetic moments it would be independent of s, and 
also of the direction of the vector s relative to 1, and thus ofj. It will 
be found in Chapter [X, however, that the energy depends very much 
on the magnitude s of the vector s, although independent of its 
direction when one neglects the spin magnetic moments, on account 
of certain phenomena arising from the fact that the electrons are 
indistinguishable one from another. There are thus different energy- 
levels of the system for each different value of l and s. This means 
that l and s are functions of the energy, according to the general 
definition of a function given in § 11, since the l and s of a stationary 
state are fixed when the energy of that state is fixed. 

We can now take into account the effect of the spin magnetic 
moments, treating it as a small perturbation according to the method 
of § 43. The energy of the unperturbed system will still be approxi- 
mately a constant of the motion and hence / and s, being functions 
of this energy, will still be approximately constants of the motion. 
The directions of the vectors I and s, however, not being functions of 
the unperturbed energy, need not now be approximately constants 
of the motion and may undergo large secular variations. Since the 
vector j is constant, the only possible variation of 1 and s is a pre- 
cession about the vector j. We thus have an approximate model of 
the atom consisting of the two vectors I and s of constant lengths 
precessing about their sum j, which is a fixed vector. The energy is 
determined mainly by the magnitudes of I and s and depends only 
slightly on their relative directions, specified by j. Thus states with 
the same J and s and different 7 will have only slightly different 
energy-levels, forming what is called a multiplet term. 

Let us now take this atomic model as our unperturbed system and 
suppose it to be subjected to a uniform magnetic field of magnitude # 
in the direction of the z-axis. The extra energy due to this magnetic 
field will consist of a term 

eF#/2me.(m,-+-ho,), (41) 
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like the last term in equation (89) of § 41, contributed by each 
electron, and will thus be altogether 

eH /2mc. X (m,+ho,) = eF#/2mc. (l,+28,) = eA /2me.(j,+8,). (42) 
This is our perturbing energy V. We shall now use the method of 
$ 43 to determine the changes in the energy-levels caused by this V. 
The method will be legitimate only provided the field is so weak that 
V is small compared with the energy differences within a multiplet. 

Our unperturbed system is degenerate, on account of the direction 
of the vector j being undetermined. We must therefore take, from 
the representative of V in a Heisenberg representation for the un- 
perturbed system, those matrix elements that refer to one particular 
energy-level for their row and column, and obtain the eigenvalues of 
the matrix thus formed. We can do this best by first splitting up V 
into two parts, one of which is a constant of the unperturbed motion, 
so that its representative contains only matrix elements referring to 
the same unperturbed energy-level for their row and column, while 
the representative of the other contains only matrix elements refer- 
ring to two different unperturbed energy-levels for their row and 
column, so that this second part does not affect the first-order per- 
turbation. The term involving j, in (42) is a constant of the un- 
perturbed motion and thus belongs entirely to the first part. For the 
term involving s, we have 

8,(j2+92+93) = Ja Sda+ SyJ yt S2Jz) +(82J2—-Jz Sp) Jat (SzJy— 3z Sy) Jy 
or 


— I jth — Ul) 

s, = | s(sth)|—|V,Je—Ve 43 

where ya = Siby—JeSy = S:ly—L 8, = lys,—l; Sy as 44) 
Yy = je8n—ScJa = l S_— Sz l; = ly Sz — lz Sz 


The first term in this expression for s, is a constant of the unperturbed 
motion land thus belongs entirely to the first part, while the second 
term, as we shall now see, belongs entirely to the second part. 
Corresponding to (44) we can introduce 
| Ya = ly Sy— ly Sr 
It can now easily be verified that 


Ja Vat dy Yy tds Ve = 0 
and from (30) of § 35 


[Jes Yz] = Yy» [Jz Yy] = Yr [Jz yz] = 0. 
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These relations connecting j,, Jy, Jz and Yr, Yy, Yz are of the same form 
as the relations connecting m,, My, Mm, and x, y, z in the calculation 
in § 40 of the selection rule for the matrix elements of z in a repre- 
sentation with k diagonal. From the result there obtained that all 
matrix elements of z vanish except those referring to two k values 
differing by +7, we can infer that all matrix elements of y,, and 
similarly of y, and y,, in a representation with j diagonal, vanish 
except those referring to two j values differing by +7. The coeffi- 
cients of y, and y, in the second term on the right-hand side of (43) 
commute with 7, so the representative of the whole of this term will 
contain only matrix elements referring to two j values differing by 
+, and thus referring to two different energy-levels of the unper- 
turbed system. 

Hence the perturbing energy V becomes, when we neglect that 
part of it whose representative consists of matrix elements referring 
to two different unperturbed energy-levels, 


eH (J G+h)—Ul+A)+5(s+h) 
mH Co rr 9 
The eigenvalues of this give the first-order changes in the energy- 
levels. We can make the representative of this expression diagonal 
by choosing our representation such that j, is diagonal, and it then 
gives us directly the first-order changes in the energy-levels caused by 
the magnetic field. This expression is known as Landé’s formula. 

The result (45) holds only provided the perturbing energy V is small 
compared with the energy differences within a multiplet. For larger 
values of V a more complicated theory is required. For very strong 
fields, however, for which V is large compared with the energy differ- 
ences within a multiplet, the theory is again very simple. We may 
now neglect altogether the energy of the spin magnetic moments for 
the atom with no external field, so that for our unperturbed system 
the vectors 1 and s themselves are constants of the motion, and not 
merely their magnitudes Z and s. Our perturbing energy V, which is 
still eA4/2me.(j,-+s,), is now a constant of the motion for the unper- 
turbed system, so that its eigenvalues give directly the changes in the 
energy-levels. These eigenvalues are integral or half-odd integral 
multiples of eA%/2me according to whether the number of electrons 
in the atom is even or odd. 


VIII 
COLLISION PROBLEMS 


48. General remarks 
In this chapter we shall investigate problems connected with a par- 
ticle which, coming from infinity, encounters or ‘collides with’ some 
atomic system and, after being scattered through a certain angle, goes 
off to infinity again. The atomic system which does the scattering 
we shall call, for brevity, the scatterer. We thus have a dynamical 
system composed of an incident particle and a scatterer interacting 
with each other, which we must deal with according to the laws of 
quantum mechanics, and for which we must, in particular, calculate 
the probability of scattering through any given angle. The scatterer 
is usually assumed to be of infinite mass and to be at rest throughout 
the scattering process. The problem was first solved by Born by a 
method substantially equivalent to that of the next section. We must 
take into account the possibility that the scatterer, considered as a 
system by itself, may have a number of different stationary states 
and that if it is initially in one of these states when the particle arrives 
from infinity, it may be left in a different one when the particle goes 
off to infinity again. The colliding particle may thus induce transi- 
tions in the scatterer. 
The Hamiltonian for the whole system of scatterer plus particle 
will not involve the time explicitly, so that this whole system will 
have stationary states represented by periodic solutions of Schro- 
dinger’s wave equation. The meaning of these stationary states 
requires a little care to be properly understood. It is evident that 
for any state of motion of the system the particle will spend nearly all 
its time at infinity, so that the time average of the probability of the 
particle being in any finite volume will be zero. Now for a stationary 
state the probability of the particle being in a given finite volume, 
like any other result of observation, must be independent of the time, 
and hence this probability will equal its time average, which we have 
seen is zero. Thus only the relative probabilities of the particle being 
in different finite volumes will be physically significant, their absolute 
values being all zero. The total energy of the system has a continuous 
range of eigenvalues, since the initial energy of the particle can be 
anything. Thus a ket, |s> say, corresponding to a stationary state, 
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being an eigenket of the total energy, must be of infinite length. We 
can see a physical reason for this, since if |s) were normalized and if 
Q denotes that observable—a certain function of the position of 
the particle—that is equal to unity if the particle is in a given finite 
volume and zero otherwise, then <s|Q|s> would be zero, meaning that | 
the average value of Q, i.e. the probability of the particle being in the 
given volume, is zero. Such a ket |s would not be a convenient one 
to work with. However, with |s> of infinite length, <s|Q|s> can be 
finite and would then give the relative probability of the particle 
being in the given volume. 

In picturing a state of a system corresponding to a ket |x which 
is not normalized, but for which <x|x> = n say, it may be convenient 
to suppose that we have n similar systems all occupying the same 
space but with no interaction between them, so that each one follows 
out its own motion independently of the others, as we had in the 
theory of the Gibbs ensemble in § 33. We can then interpret (z|a|x), 
where «a is any observable, directly as the total « for all the n systems. 
In applying these ideas to the above-mentioned |s> of infinite length, 
corresponding to a stationary state of the system of scatterer plus 
colliding particle, we should picture an infinite number of such sys- 
tems with the scatterers all located at the same point and the particles 
distributed continuously throughout space. The number of particles 
in a given finite volume would be pictured as (s|Q|s>, Q being the 
observable defined above, which has the value unity when the particle 
is in the given volume and zero otherwise. If the ket is represented 
by a Schrédinger wave function involving the Cartesian coordinates 
of the particle, then the square of the modulus of the wave function 
could be interpreted directly as the density of particles in the picture. 
One must remember, however, that each of these particles has its own 
individual scatterer. Different particles may belong to scatterers in 
different states. There will thus be one particle density for each state 
of the scatterer, namely the density of those particles belonging to 
scatterers in that state. This is taken account of by the wave function 
involving variables describing the state of the scatterer in addition 
to those describing the position of the particle. 

For determining scattering coefficients we have to investigate 
stationary states of the whole system of scatterer plus particle. For 
instance, if we want to determine the probability of scattering in 
various directions when the scatterer is initially in a given stationary 


+ 
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state and the incident particle has initially a given velocity in a given 
direction, we must investigate that stationary state of the whole 
system whose picture, according to the above method, contains at 
great distances from the point of location of the scatterers only 
particles moving with the given initial velocity and direction and 
belonging each to a scatterer in the given initial stationary state, 
together with particles moving outward from the point of location 
of the scatterers and belonging possibly to scatterers in various 
stationary states. This picture corresponds closely to the actual state 
of affairs in an experimental determination of scattering coefficients, 
with the difference that the picture really describes only one actual 
system of scatterer plus particle. The distribution of outward moving 
particles at infinity in the picture gives us immediately all the infor- 
mation about scattering coefficients that could be obtained by experi- 
ment. For practical calculations about the stationary state described 
by this picture one may use a perturbation method somewhat like 
that of § 43, taking as unperturbed system, for example, that for 
which there is no interaction between the scatterer and particle. 

In dealing with collision problems, a further possibility to be taken 
into consideration is that the scatterer may perhaps be capable of 
absorbing and re-emitting the particle. This possibility arises when 
there exists one or more states of absorption of the whole system, a 
state of absorption being an approximately stationary state which 
is closed in the sense mentioned at the end of § 38 (i.e. for which 
the probability of the particle being at a greater distance than r from 
the scatterer tends to zero as r->co). Since a state of absorption is 
only approximately stationary, its property of being closed will be 
only a transient one, and after a sufficient lapse of time there will be 
a finite probability of the particle being on its way to infinity. 
Physically this means there is a finite probability of spontaneous 
emission of the particle. The fact that we had to use the word 
‘approximately’ in stating the conditions required for the phenomena 
of emission and absorption to be able to occur shows that these condi- 
tions are not expressible in exact mathematical language. One can give 
a meaning to these phenomena only with reference to a perturbation 
method. They occur when the unperturbed system (of scatterer plus 
particle) has stationary states that are closed. The introduction of the 
perturbation spoils the stationary property of these states and gives 
rise to spontaneous emission and its converse absorption. 
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For calculating absorption and emission probabilities it is necessary 
to deal with non-stationary states of the system, in contradistinction 
to the case for scattering coefficients, so that the perturbation method 
of § 44 must be used. Thus for calculating an emission coefficient 
we must consider the non-stationary states of absorption described 
above. Again, since an absorption is always followed by a re-emission, 
it cannot be distinguished from a scattering in any experiment in- 
volving a steady state of affairs, corresponding to a stationary state 
of the system. The distinction can be made only by reference to a 
non-steady state of affairs, e.g. by use of a stream of incident particles 
that has a sharp beginning, so that the scattered particles will appear 
immediately after the incident particles meet the scatterers, while 
those that have been absorbed and re-emitted will begin to appear 
only some time later. This stream of particles would be the picture 
of a certain ket of infinite length, which could be used for calculating 
the absorption coefficient. 


49. The scattering coefficient 

We shall now consider the calculation of scattering coefficients, 
taking first the case when there is no absorption and emission, which 
means that our unperturbed system has no closed stationary states. 
We may conveniently take this unperturbed system to be that for 
which there is no interaction between the scatterer and particle. Its 
Hamiltonian will thus be of the form 


E = H, +W, (1) 


where H, is that for the scatterer alone and W that for the particle 
alone, namely, with neglect of relativistic mechanics, 


W = 1/2m. (pz tpg tpi). (2) 
The perturbing energy V, assumed small, will now be a function of 
the Cartesian coordinates of the particle x, y, z, and also, perhaps, 
of its momenta P}, Py, Pa together with dynamical variables describ- 
ing the scatterer. 

Since we are now interested only in stationary states of the whole 
system, we use a perturbation method like that of §43. Our unper- 
turbed system now necessarily has a continuous range of energy- 
levels, since it contains a free particle, and this gives rise to certain 
modifications in the perturbation method. The question of the change 
in the energy-levels caused by the perturbation, which was the main 
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question of § 43, no longer has a meaning, and the convention in § 43 
of using the same number of primes to denote nearly equal eigen- 
values of # and H now drops out. Again, the splitting of energy- 
levels which we had in§ 43 when the unperturbed system is degenerate 
cannot now arise, since if the unperturbed system is degenerate the 
perturbed one, which must also have a continuous range of energy- 
levels, will also be degenerate to exactly the same extent. 

We again use the general scheme of equations developed at the 
beginning of § 43, equations (1) to (4) there, but we now take our 
unperturbed stationary state forming the zero-order approximation 
to belong to an energy-level E’ just equal to the energy-level H’ of 
our perturbed stationary state. Thus the a’s introduced in the second 
of equations (3) § 43 are now all zero and the second of equations 
(4) there now reads (E'—E)|15 = Vo). (3) 
Similarly, the third of equations (4) § 43 now reads 

(H"— #)|2> = VIL. (4) 
We shall proceed to solve equation (3) and to obtain the scattering 
coefficient to the first order. We shall need equation (4) in § 51. 

Let « denote a complete set of commuting observables describing 
the scatterer, which are constants of the motion when the scatterer is 
alone and may thus be used for labelling the stationary states of the 
scatterer. This requires that H, shall commute with the «’s and be 
a function of them. We can now take a representation of the whole 
system in which the «’s and 2, y, z, the coordinates of the particle, 
are diagonal. This will make H, diagonal. Let |0> be represented by 
(xa’|0> and |1> by <xa‘ll), the single variable x being written to 
denote x, y, z and the prime being omitted from x for brevity. Also 
the single differential d*xz will be written to denote the product dadydz. 
Equation (3), written in terms of representatives, becomes, with the 
help of (1) and (2), 

{H’ —H,(o!)--#?/2m.V?}{xa'|l> = X f (xa! |V|x"a") d3x"{x"a"|0). 

(5) 
Suppose that the incident particle has the momentum p° and that 
the initial stationary state of the scatterer is «°. The stationary state 
of our unperturbed system is now the one for which p = p® and 
a = «°, and hence its representative is 


Ca" OS == Synge CHP I, (6) 


190 COLLISION PROBLEMS § 49 


This makes equation (5) reduce to 


{ H’ — H,(a')+h?/2m.V*}< xe’ |1> = Í (Xa! |V [x%Q d3z° etx 


or (PLV2)¢xa' |L> = F, (7) 
where k? = 2mh- E'— H,(a’)} (8) 
and F = 2mh-* Í (Xa |V [Xat 3x9 ei (9) 


a definite function of x, y, z, and «’. We must also have 
E' = H,(x°)+ p*/2m. (10) 
Our problem now is to obtain a solution <X&'|1> of (7) which, for 
values of x, y, z denoting points far from the scatterer, represents 
only outward moving particles. The square of its modulus, |<X«'|1>]?, 
will then give the density of scattered particles belonging to scatterers 
in the state «’ when the density of the incident particles is |<Xa?|0>]2, 
which is unity. If we transform to polar coordinates r, 0, ¢, equation 
(7) becomes 


ð . o l 
— >= F. (11 
Mt H tay 36 59 + snk sin?@ ip Cröha 1> = (11) 


Now F must tend to zero as r >o, on account of the physical re- 
quirement that the interaction energy between the scatterer and 
particle must tend to zero as the distance between them tends to 
infinity. If we neglect F in (11) altogether, an approximate solution 
for large r is CrOchce! [1y = w(Ochoe! wheter, (12) 
where u is an arbitrary function of 6, $, and a’, since this expression 
substituted in the left-hand side of (11) gives a result of order r-3. 
When we do not neglect F, the solution of (11) will still be of the 
form (12) for large r, provided F tends to zero sufficiently rapidly as 
r—> co, but the function u will now be definite and determined by the 
solution for smaller values of r. 

For values «' of the «’s such that k?, defined by (8), is positive, the 
k in (12) must be chosen to be the positive square root of k?, in order 
that (12) may represent only outward moving particles, i.e. particles 
for which the radial component of momentum, which from § 38 
equals p,—ihr-! or —1h(d/ér+r-4), has a positive value. We now 
have that the density of scattered particles belonging to scatterers in 
state «', equal to the square of the modulus of (12), falls off with 
increasing r according to the inverse square law, as is physically 


’ 
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necessary, and their angular distribution is given by |u(A@da’)|?. 
Further, the magnitude, P’ say, of the momentum of these scattered 
particles must equal kf, the momentum ‘being radial for large r, 
so that their energy is equal to 

P? kh , n 0 

om Əm Hi —H,(x') = H,(«°)—H, 
with the help of (8) and (10). This is just the energy of an incident 
particle, namely p°*/2m, reduced by the increase in energy of the 
scatterer, namely H,(«’)—H,(a°)% in agreement with the law of con- 
servation of energy. For values a’ of the œ’s such that k? is negative 
there are no scattered particles, the total initial energy being insuff- 
cient for the scatterer to be left in the state a’. 

We must now evaluate u(@d«’) for a set of values «’ for the «’s such 
that k* is positive, and obtain the angular distribution of the scattered 
particles belonging to scatterers in state œ’. It is sufficient to evaluate 
u for the direction 0 = 0 of the pole of the polar coordinates, since 
this direction is arbitrary. We make use of Green’s theorem, which 
states that for any two functions of position A and B the volume 
integral | (AV?B—BV?A) dx taken over any volume equals the 
surface iutegral | (Adb/on—BoA/on) dS taken over the boundary 
of the volume, o/én denoting differentiation along the normal to 
the surface. We take 

A = e-tkroos?, B= <rôġa'|l> 
and apply the theorem to a large sphere with the origin as centre. 
The volume integrand is thus 
e—ikr cos 0 VCO pe’ \ly— Crida’ | 1) V2e-tkr cos 0 
— e~ikrcos}( V24- k2) <rôda’' |1 — p—tkrcosé p' 
from (7) or (11), while the surface integrand is, with the help of (12), 
ð ð , 
—tkrcos@ ~ Ts —lrOda’ |15 — e-tkrcos 8 
e-ikroos0 rAd’ |1) —(rO at |1> =e 
, l tk\, U, , 
— g—tkreosé y a a etkr 14 — etkrk cos 6 e—tkr cos? 
r? r r 
= ikur-(1-+-cos 8)et*ra-cos 6) 
with neglect of r-?. Hence we get 


27 T 
[ e-tkreos? P q3y — | dd | r2sin 6 d8 . ikur-1(1-+ cos O)et#rt—cos ®), 
` 0 0 
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the volume integral on the left being taken over the whole of space. 
The right-hand side becomes, on being integrated by parts with 
respect to 9, 

27T 


f do [u1 +cos gjeikra-coshjf =r _ | eikra-c080 £ [u(1-+-008 0)] d8}. 
0 0 


The second term in the {} brackets is of the order of magnitude of 
r-1, as would be revealed by further partial integrations, and may 
therefore be neglected. We are thus left with 


2r 


| o-ikrcos0 P dèy — —2 | do u(Oda’) = —4ru(0da’), 
. 0 


giving the value of u(@¢a’) for the direction 6 = 0. 
This result may be written 


u(0ga’) — — (47r)— L [ e-tPreosit p dx, (13) 


since P’ = kh. Ifthe vector p’ denotes the momentum of the scattered 
electrons coming off in a certain direction (and is thus of magnitude 
P’), the value of u for this direction will be 


u(O'd'o’) = — (4r)! f eioi F Bax, 


as follows from (13) if one takes this direction to be the pole of the 
polar coordinates. This becomes, with the help of (9), 


u(0'h'a’) = — (2r) tmh- | | eth dx Xa |V [xa dix? etx 
= —2nmh<p'a'|V |p, (14) 


when one makes a transformation from the coordinates x to the 
momenta p of the particle, using the transformation function (54) 
of §23. The single letter p is here used as a label for the three 
components of momentum. 

The density of scattered particles belonging to scatterers in state 
a’ is now given by |u(0’d’a’)|?/r?. Since their velocity is P'/m, the 
rate at which these particles appear per unit solid angle about the 
direction of the vector p’ will be P’/m.|u(@’¢’«’)|?. The density of 
the incident particles is, as we have seen, unity, so that the number 
of incident particles crossing unit area per unit time is equal to their 
velocity P°/m, where P’ is the magnitude of p°. Hence the effective 
area that must be hit by an incident particle in order to be scattered 
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in a unit solid angle about the direction p’ and then belong to a 
scatterer in state «’ will be 


P'/P®,|u(8'b'a’)|? = 4r?m?h? PP? p'a |V pa]. (15) 


This is the scattering coefficient for transitions a? > «' of the scatterer. 
It depends on that matrix element ¢p’a’|V|p°x®> of the perturbing 
energy V whose column p°«° and whose row p’a’ refer respectively to 
the initial and fina] states of the unperturbed system, between which 
the scattering transition process takes place. The result (15) is thus 
in some ways analogous to the result (24) of § 44, although the 
numerical coefficients are different in the two cases, corresponding 
to the different natures of the two transition processes. 


50. Solution with the momentum representation 

The result (15) for the scattering coefficient makes a reference only 
to that representation in which the momentum p is diagonal. One 
would thus expect to be able to get a more direct proof of the result 
by working all the time in the p-representation, instead of working 
in the x-representation and transforming at the end to the p-repre- 
sentation, as was done in § 49. This would not at first sight appear 
to be a great improvement, as the lack of directness of the x-repre- 
sentation method is offset by more direct applicability, it being 
possible to picture the square of the modulus of the x-representative 
of a state as the density of a stream of particles in process of being 
scattered. The x-representation method has, however, other more 
serious disadvantages. One of the main applications of the theory 
of collisions is to the case of photons as.incident particles. Now a 
photon is not a simple particle but has a polarization. It is evident 
from classical electromagnetic theory that a photon with a definite 
momentum, i.e. one moving in a definite direction with a definite 
frequency, may have a definite state of polarization (linear, circular, 
etc.), while a photon with a definite position, which is to be pictured 
as an electromagnetic disturbance confined to a very small volume, 
cannot have any definite polarization. These facts mean that the 
polarization observable of a photon commutes with its momentum 
but not with its position. This results in the p-representation method 
being immediately applicable to the case of photons, it being only 
necessary to introduce the polarizing variable into the representatives 
and treat it along with the «’s describing the scatterer, while the 
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x-representation method is not applicable. Further, in dealing with 
photons, it is necessary to take relativistic mechanics into account. 
This can easily be done in the p-representation method, but not so 
easily in the x-representation method. 

Equation (3) still holds with relativistic mechanics, but W is now 


given by peje? = m+ P? = me +p +p +p? (16) 

instead of by (2). Written in terms of p-representatives, equation (3) 

gives {B! —H(a!) WX pa 1> = <pa'|V 10), 

p being written instead of p’ for brevity and W being understood as 

a definite function of p,, Py, Pz given by (16). This may be written 
(W'—W)<pa'|1> = <pa'|V |0), (17) 

where W = H'— Ha’) (18) 


and is the energy required by the law of conservation of energy for 
a scattered particle belonging to a scatterer in state a’. The ket |0> 
is represented by (6) in the x-representation and the basic ket |p°x°> 
is represented by 

(xa! |p?) = Ò g'at <x|p°) = Ôo’ hteti", 


from the transformation function (54) of § 23. Hence 


[0> = h?|p°a», (19) 
and equation (17) may be written 
(W’—W)<pa'|1L> = hi pa’ |V|p°a®. (20) 


We now make a transformation from the Cartesian coordinates 
Pr Py, Pz OË p to its polar coordinates P, w, x, given by 


Pı = P cosa, Py = Psinw cos x, p, = Psinwsiny. 


If in the new representation we take the weight function P?sinw, 
then the weight attached to any volume of p-space will be the same 
as in the previous p-representation, so that the transformation will 
mean simply a relabelling of the rows and columns of the matrices 
without any alteration of the matrix elements. Thus (20) will become 
in the new representation 


(W'—W)< Paro’ |1> = hi< Paya’ |y | Pwo, (21) 


W being now a function of the single variable P. 
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The coefficient of <Pwya'|1>, namely W’—W, is now simply a 
multiplying factor and not a differential operator as it was with the 
x-representation method. We can therefore divide out by this factor 
and obtain an explicit expression for <Pwya’|1>. When, however, a’ 
is such that W’, defined by (18), is greater than mc?, this factor will 
have the value zero for a certain point in the domain of the variable 
P, namely the point P = P’, given in terms of W’ by (16). The 
function <Pwya'|1> will then have a singularity at this point. This 
singularity shows that <Pwya'|1> represents an infinite number of 
particles moving about at great distances from the scatterers with 
energies indefinitely close to W’ and it is therefore this singularity 
that we have to study to get the angular distribution of the particles 
at infinity. 

The result of dividing out (21) by the factor W’— W is, according 
to (13) of § 15, 

{Pwyo' lly = htl Pwo’ |V |Pw? (W — W) + A(wxea') (W — W), 
(22) 
where A is an arbitrary function of w, x, and a’. To give a meaning 
to the first term on the right-hand side of (22), we make the conven- 
tion that its integral with respect to P over a range that includes the 
value P’ is the limit when e— 0 of the integral when the small 
domain P’—e to P'e is excluded from the range of integration. 
This is sufficient to make the meaning of (22) precise, since we are 
interested effectively only in the integrals of the representatives of 
states when the representation has continuous ranges of rows and 
columns. We see that equation (21) is inadequate to determine the 
representative <Pwya'|1> completely, on account of the arbitrary 
function A occurring in (22). We must choose this A such that 
éPwya'|1) represents only outward moving particles, since we want_ 
the only inward moving particles to be those corresponding to |0>. 

Let us take first the general case when the representative <Pwx|> 

of a state of the particle satisfies an equation of the type 


(W'—W)<Pax|> = (Pex), (23) 


where f(Pwx) is any function of P, w, and x, and W” is a number 
greater than mc?, so that <Pwx|> is of the form 


(Pwx|> = f(Pewx)|/(W'—W)+A(wx) (W — W), (24) 


and let us determine now what A must be in order that (Pwy|> may 
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represent only outward moving particles. We can do this by trans- 
forming <Pwy|> to the x-representation, or rather the (r6d)-repre- 
sentation, and comparing it with (12) for large values of r. The 
transformation function is 

<r0b|Pwy> = heip — p—ipiPricos w cos 0-4- sin w sin 8 cos(y—¢)]/ii 


For the direction 6 = 0 we find 
oe) 2T 7 
<r0d|> = k- | P2dP | dy Í sin w do etPreos wl.” Puy y|) 
0 0 0 
co 27 
O r= f pe aP f J etPr cos w/fi a » WET 
= [ir Peb] + 
0 0 
P eiPr cos wñ ə p 
0 
The second term in the { } brackets is of order r-2, as may be verified 


by further partial integrations with respect to w, and can therefore 
be neglected. We are left with 


oe) 277 
(r0p|> = th-#(Qar)- | PdP f dy {eth Pry |) —etPrl P0y |S} 
0 0 


= ihr- f P dP {e-iPrli< Pry |) —etPrlt¢ Poy |}. (25) 
0 


When we substitute for <Pawy|> its value given by (24), the first 
term in the integrand in (25) gives 


ih-tr-1 f PaP ePi f Pry) (W'—W)+Almy) (W — W). (26) 


The term involving 5(W’—W) here may be integrated immediately 
and gives, when one uses the relation PdP = W adW/c?, which 
follows from (16) 


ih-tc-*rt f W dW ePrlt\ny)8(W'—W) 
me 


= hte" TWN (ary eAP ih, (27) 
To integrate the other term in (26) we use the formula 


ioe) 


e-tPriti P o-tPrih 
| Pp = oP) | Sap (28) 
e 0 


0 
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with neglect of terms involving r71, for any continuous function g(P), 


which formula holds since { K(P)e-?7 dP is of order r-! for any 
0 


continuous function K(P) and since the difference 
g(P)/(P’—P)—g(P')|(P'—P) 

is continuous. The right-hand side of (28), when evaluated with 

neglect of terms involving r-t, and also with neglect of the small 

domain P’—e to P’-+« in the domain of integration, gives 


ioe) 


ce 


i(P’—Pyrlh 
pP’ dP = ol Phe-iP'riň | © 
AP’) | G—paP = oP ee | So dP 
= ig(P’)e*P7ih | pap = ing(P’)e*P7h, (29) 


In our present example g(P) is 
g(P) = ihr P f(Pay)(P'— P) (W'— W), 
which has the limiting value when P = P’, 
g(P’) = ihr P'f(P'ny) W [P'e = iher W FP’ ry). 
Substituting this in (29) and adding on the expression (27), we obtain 
the following value for the integral (26) 


h-te-r-1W{— r f(P'ay) + iM ary) joer, (30) 
Similarly the second term in the integrand in (25) gives 

h-er- W'{—n f(P'0x)—iA(0x) Se, (31) 
The sum of these two expressions is the value of <r0¢|> when r is 


large. 

We require that <r0¢|> shall represent only outward moving 
particles, and hence it must be of the form of a multiple of ePm, 
Thus (30) must vanish, so that , 

Nay) = —inf(P'ryx). (32) 
We see in this way that the condition that <r9¢|> shall represent 
only outward moving particles in the direction 0 = 0 fixes the value 
of A for the opposite direction 6 = 7. Since the direction 0 = 0 or 
w = 0 of the pole of our polar coordinates is not in any way singular, 
we can generalize (32) to 

A(wx) = —inf(P'ox), (33) 


3595.57 O 
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which gives the value of A for an arbitrary direction. This value 
substituted in (24) gives a result that may be written 
(Pwx|> = f(Pox)/(W'—W)—tn 8(W'—W)}, (34) 
since one can substitute P’ for P in the coefficient of a term involving 
5(W'—W) as a factor without changing the value of the term. The 
condition that <Pwy|> shall represent only outward moving particles is 
thus that it shall contain the factor 
{1/(W'—W)—1i78(W'’—W)}. (35) 
It is interesting to note that this factor is of the form of the right- 
hand side of equation (15) of § 15. 
With A given by (33), expression (30) vanishes and the value of 
<r0¢|> for large r is given by expression (31) alone, thus 
<r0b|> = —2rh-te-*r 1 W'f(P'Oy)etP, 
This may be generalized to 
<rod|> = —2rh e-r- Wf (P wye, 


giving the value of <r@¢|»> for any direction 6, $ in terms of f(P’wy) 
for the same direction labelled by w, y. This is of the form (12) with 


u(Od) = —2rh-*c? W'f(P’w 
and thus represents a distribution of outward moving particles of 
momentum P’ whose number is 


4 aW P’ , o 
= r If(P'oy)? (36) 


per unit solid angle per unit time. This distribution is the one 
represented by the <Pwy|> of (34). 

From this general result we can infer that, whenever we have a 
representative (Pwœwy|y representing only outward moving particles 
and satisfying an equation of the type (23), the number per unit solid 
angle per unit time of these particles is given by (36). If this <Pæxy|> 
occurs in a problem in which the number of incident particles is one 
per unit volume, it will correspond to a scattering coefficient of 
amount STOT D! 

T R lilProx)P. (37) 
It is only the value of the function f(Pwy) for the point P = P’ that 
is of importance. - 
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If we now apply this general theory to our equations (21) and 
(22), we have 


f(Pawx) = hi Paya’ |V | Pwy. 
Hence from (37) the scattering coefficient is 
4nr?he WOW’ P’[c4*P®. |< P'wyga |V | P8w® xx) |?. (38) 


If one neglects relativity and puts W°W’'/c+ = m?, this result reduces 
to the result (15) obtained in the preceding section by means of 
Green’s theorem. 


51. Dispersive scattering 

We shall now determine the scattering when the incident particle 
is capable of being absorbed, that is, when our unperturbed system 
of scatterer plus particle has closed stationary states with the particle 
absorbed. The, existence of these closed states for the unperturbed 
system will be found to have a considerable effect on the scattering 
for the perturbed system, and indeed an effect that depends very 
much on the energy of the incident particle, giving rise to the pheno- 
menon of dispersion in optics when the incident particle is taken to 
be a photon. | 

We use a representation for which the basic kets correspond to 
the stationary states of the unperturbed system, as was the case with 
the p-representation of the preceding section. We take these station- 
ary states to be the states (p’«’) for which the particle has a definite 
momentum p’ and the scatterer is in a definite state a’, together with 
the closed states, k say, which form a separate discrete set, and 
assume that these states are all independent and orthogonal. This 
assumption is not accurate when the particle is an electron or atomic 
nucleus, since in this case for an absorbed state & the particle will 
still certainly be somewhere, so that one would expect to be able to 
expand |k> in terms of the eigenkets |x’a’> of x, y, z, and the a’s, 
and hence also in terms of the |p’«’>’s. On the other hand, when the 
particle is a photon it will no longer exist for the absorbed states, 
which are then certainly independent of and orthogonal to the states 
(p’x’) for which the particle does exist. Thus the assumption is valid 
in this case, which is an important practical one. 

Since we are concerned with scattering, we must still deal with - 
stationary states of the whole system. We shall now, however, have 
to work to the second order of accuracy, so that we cannot use merely 
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the first-order equation (3), but must use also (4). Equation (3) 
becomes, when written in terms of representatives in our present 
representation, 


(W"—W)<pa'|1> = <pa'|V |0}, 
(E —E,)Kk|1> = <k|V|0), 


where W” is the function of E’ and the «’’s given by (18) and Æ, is the 
energy of the stationary state k of the unperturbed system. Similarly, 
equation (4) becomes 


(W"—W)<pa"|2> = <pa'| V1), 
(E'—E,)<k|2> = <k| V 1>. 
Expanding the right-hand sides by matrix multiplication, we get 
(W'— W)<pa'|2> 
= | <po'|V|p'a"> Pp” (p'a" [1+ X Cpa’ |V|k"><k"), 


| (39) 


| (40) 


(H" —B,)<b|29 (4) 
=X | EIV p"a"> dp" <p'a" [1> + X CRIP |e" ><k"|1). 
The ket |0> is still given by (19), so (39) may be written 

(W'—W)<pa'|1> = hic pa’ |V |p, (42) 

(E'—E,)<k|1> = heb |V | p%). (43) 


We may assume that the matrix elements <k'|V|k”> of V vanish, 
since these matrix elements are not essential to the phenomena under 
investigation, and if they did not vanish it would mean simply that 
the absorbed states k had not been suitably chosen. We shall further 
assume that the matrix elements (p'a’|V|p"«"» are of the second order 
of smallness when the matrix elements <k'|V|p’«”), ¢p’a’|V|k"> are 
taken to be of the first order of smallness. This assumption will be 
justified for the case of photons in § 64. We now have from (43) and 
(42) that <k|1> is of the first order of smallness, provided EH’ does not 
lie near one of the discrete set of energy-levels E,, and (pa'|1) is of 
the second order. The value of <pa’|2> to the second order will thus 
be given, from the first of equations (41), by 


(W'—W)<pa'|2> = hi >, (Pal | V [E> <k"|V |p°x?>/(E" — Eye). 
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The total correction in the wave function to the second order, namely 
(pa'|1> plus <pa'|2>, therefore satisfies 


(W' —W){< pa |1) +<pa'|29} 
= B{<pa’|V [p+ F <pa' [Vk <k|V [p%s®> |(’ —H,)} 


This equation is of the type (23), provided «’ is such that W° > me?, 
which means that «’ as a final state for the scatterer is not incon- 
sistent with the law of conservation of energy. We can therefore infer 
from the general result (37) that the scattering coefficient is 


ánh WPW’ P's s noo (p'a |Y |k><k|V |p?" 
Map oV > ELE, . (44) 


The scattering may now be considered as composed of two parts, 
a part that arises from the matrix element (p’«’|V|p°x°> of the per- 
turbing energy and a part that arises from the matrix elements 
<p’a'|V|k> and <k|V|p°x®>. The first part, which is the same as our 
previously obtained result (38), may be called the direct scattering. 
The second part may be considered as arising from an absorption of 
the incident particle into some state k, followed immediately by a 
re-emission in a different direction, and is like the transitions through 
an intermediate state considered in § 44. The fact that we have to 
add the two terms before taking the square of the modulus denotes 
interference between the two kinds of scattering. There is no experi- 
mental way of separating the two kinds, the distinction between 
them being only mathematical. 


52. Resonance scattering 

Suppose the energy of the incident particle to be varied con- 
tinuously while the initial state œ? of the scatterer is kept fixed, so 
that the total energy E’ or H' varies continuously. The formula (44) 
now shows that as E’ approaches one of the discrete set of energy- 
levels H,, the scattering becomes very large. In fact, according to 
formula (44) the scattering should be infinite when Æ’ is exactly equal 
to an H,. An infinite scattering coefficient is, of course, physically 
impossible, so that we can infer that the approximations used in 
deriving (44) are no longer legitimate when JL’ is close to an Ep. To 
investigate the scattering in this case we must therefore go back to 


the exact equation (E’—B)|H’) = VIA’, 
equation (2) of § 43 with E’ written for H’, and use a different method 
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of approximating to its solution. This exact equation, written in 
terms of representatives like (41), becomes 


(W'—W)<pa' "> 

= X | <pa'|V |p"a"> dp" <p'a" |) + X Cpa! | Vk ><k"|H, 
(E'—E,)<k|H'> 

= | HIV pa") Pp" pia" H+ X ElV Ek" IH’, 


Let us take one particular £, and consider the case when Æ” is close 
to it. The large term in the scattering coefficient (44) now arises from 
those elements of the matrix representing V that lie in row k or in 
column k, i.e. those of the type <k|V|pa’> or <pa’|V|k>. The scatter- 
ing arising from the other matrix elements of V is of a smaller order 
of magnitude. This suggests that in our exact equations (45) we should 
make the approximation of neglecting all the matrix elements of V 
except the important ones, which are those of the type <(pa’|V|k> or 
<k|V|pa’>, where «’ is a state of the scatterer that has not too much 
energy to be disallowed as a final state by the law of conservation of 
energy. These equations then reduce to 


(W'—W)<pa'|H’> = (pa'|V |k><klH’), 
(E’ —B,)<k|H"> = J | <k|V pa’) dp (pa |H’), 


the «’ summation being over those values of «’ for which W” given 
by (18) is > mc?. These equations are now sufficiently simple for us 
to be able to solve exactly without further approximation. 

From the first of equations (46) we obtain by division 


(pa’|H"> = (pa! |V|k><k|A">/(W'—W)+as(Ww'—W). (47) 
We must choose A, which may be any function of the momentum 
pand.«’,such that (47) represents the incident particles corresponding 
to |0> or h!|p%° together with only outward moving particles. [The 
representative of h?}p°«®> is actually of the form A6(W’— W), since 
the conditions «’ = « and p = p° for it not to vanish lead to 
W' = E'—H,o') = E'—H,(o°) = W? = W.| Thus (47) must be 
(pa’ |H'> = hpa’ | p°?) 
+ pa’ |V|k><k|H {1 /(W'—W)—ind(W’—W)}, (48) 
and from the general formula (37) the scattering coefficient will be 
4n2 WOW" P' [het P®. |< p'a |V o PIKE. (49) 


(45) 


(46) 
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It remains for us to determine the value of <k|H’>. We can do this 
by substituting for (pa’|H’> in the second of equations (46) its value 
given by (48). This gives 
(! —B,)(k|H"> = M<k|V [p° 
+<¢k|H'S > f |<k|V pa |2f1/(W’— W)—in è(W'— W) d'p 
= hi<b|V|p°s®)-+<k|H’ (a— ib), 

where a = > | KEV pa'l? Bp/(W'—W) (50) 
and p _. n$ | [EIV pe 23(W'—W) Bp 

=7> [ff \<k|V | Poya] 8(W’ —W)P2dP sin w dwdy 

=> P'W'e* Tf IkIV |P'wya’)|2sin w dwdy. (51) 


Thus Ck H’ = hè<k|V | p°«>/(H'— Ep —a-+ ib). (52) 
Note that a and b are real and that b is positive. 
This value for <k|H’y substituted in (49) gives for the scattering 
coefficient 
sth? WOW'P’ [p'a IV b> PIY p°) +53) 
cP? (H'—EH,—a)?+6? 
One can obtain the total effective area that the incident particle 
must hit in order to be scattered anywhere by integrating (53) over 
all directions of scattering, i.e. by integrating over all directions of 
the vector p’ with its magnitude kept fixed at P’, and then summing 
over all «’ that are to be taken into consideration, i.e. for which 
W' > mè. This gives, with the help of (51), the result 
4nh?W bl <k|V|p%>|? (54) 
eP? (h’—H,—a)?+b 
If we suppose E’ to vary continuously through the value Æp, the 
main variation of (53) or (54) will be due to the small denominator 
(H'—H,—a)?--b®. If we neglect the dependence of the other factors 
in (53) and (54) on Æ’, then the maximum scattering will occur when 
E’ has the value H,,-++a and the scattering will be half its maximum 
when Æ differs from this value by an amount b. The large amount of 
scattering that occurs for values of the energy of the incident particle 
that make E’ nearly equal to Æ, give rise to the phenomenon of an 
absorption line. The centre of the line is displaced by an amount 
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a from the resonance energy of the incident particle, i.e. the energy 
which would make the total energy just H,, while the quantity b is 
what is sometimes called the half-width of the line. 


53. Emission and absorption 

For studying emission and absorption we must consider non- 
stationary states of the system and must use the perturbation method 
of § 44. To determine the coefficient of spontaneous emission we must 
take an initial state for which the particle is absorbed, corresponding 
to a ket |k>, and determine the probability that at some later time 
the particle shall be on its way to infinity with a definite momentum. 
The method of § 46 can now be applied. From the result (39) of that 
section we see that the probability per unit time per unit range of w 
and y, of the particle being emitted in any direction w’, y’ with the 
scatterer being left in state a’ is 


Qnhi-2|CW'en'y'a!' |V e>], (55) 


provided, of course, that a’ is such that the energy W’, given by (18), 
of the particle is greater than mc”. For values of «’ that do not satisfy 
this condition there is no emission possible. The matrix element 
<W'w'y’a’ |V |k> here must refer to a representation in which W, w, x, 
and «a are diagonal with the weight function unity. The matrix 
elements of V appearing in the three preceding sections refer to a repre- 
sentation in which p,, p,, p, are diagonal with the weight function 
unity, or P, œw, x are diagonal with the weight function P?sin w. 
They would thus refer to a representation in which W, w, y are 
diagonal with the weight function dP/dW.P?snw = WP/c*.sinw. 
Thus the matrix element <W’w’y’a«’|V|k> in (55) is equal to 
(W'P’/c?.sin w’)? times our previous matrix element (W'w'y’a'|V|k> 
or <p'a'|V|k>, so that (55) is equal to 

2r W' P’ 

hk e 


sin w'|¢p’a’ |V [b> |. 
The probability of emission per unit solid angle per unit time, with 
the scatterer simultaneously dropping to state a’, is thus 

2a W'P' r; 

z Kpa |V k>]. (56) 


To obtain the total probability per unit time of the particle being 
emitted in any direction, with any final state for the scatterer, we 
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must integrate (56) over all angles w’, y’ and sum over all states a’ 
whose energy H,(«’) is such that H,(«’)--mc? < Ep. The result is 
just 2b/%, where b is defined by (51). There ts thus this simple rela- 
tion between the total emission coefficient and the half-width b of the 
absorption line. 

Let us now consider absorption. This requires that we shall take 
an initial state for which the particle is certainly not absorbed but is 
incident with a definite momentum. Thus the ket corresponding to 
the initial state must be of the form (19). We must now determine 
the probability of the particle being absorbed after time t. Since our 
final state k is not one of a continuous range, we cannot use directly 
the result (39) of § 46. If, however, we take 


[0> = |p°a°>, (57) 
as the ket corresponding to the initial state, the analysis of §§ 44 and 46 


is still applicable as far as equation (36) and shows us that the proba- 
bility of the particle being absorbed into state & after time ¢ is 
2|<k|V p°) |? 1 —cos{ (Hj, — B")t/hy (E; — 
This corresponds to a distribution of incident particles of density 
h-8, owing to the omission of the factor h? from (57), as compared 
with (19). The probability of there being an absorption after time 
t when there is one incident particle crossing unit area per unit time 
is therefore 
2h3 W°/c? P’. [<k] V | px |?7[ 1—cos{(H,— E’ )t/h} |/(H,— E’). (58) 

To obtain the absorption coefficient we must consider the incident 
particles not all to have exactly the same energy W° = #’—AH,(a°), 
but to have a distribution of energy values about the correct value 
E,,— H,(«°) required for absorptidn. If we take a beam of incident 
particles consisting of one crossing unit area per unit time per unit 
energy range, the probability of there being an absorption after time 
t will be given by the integral of (58) with respect to Æ’. This integral 
may be evaluated in the same way as (37) of § 46 and is equal to 


Anth? Wt/c? P®. [<k V |p]. 
The probability per unit time of an absorption taking place with an 


incident beam of one particle per unit area per unit time per unit 
energy range is therefore 


án?h? W/c2 P.. | <k|V | p%ax [?, (59) 
which is the absorption coefficient. 
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The connexion between the absorption and emission coefficients 
(59) and (56) and the resonance scattering coefficients calculated in 
the preceding section should be noted. When the incident beam does 
not consist of particles all with the same energy, but consists of a unit 
distribution of particles per unit energy range crossing unit area per 
unit time, the total number of incident particles with energies near 
an absorption line that get scattered will be given by the integral 
of (54) with respect to E’. If one neglects the dependence of the 
numerator of (54) on Æ’, this integral will, since 

b , 
| oye =" 

have just the value (59). Thus the total number of scattered particles 
in the neighbourhood of an absorption line is equal to the total number 
absorbed. We can therefore regard all these scattered particles as 
absorbed particles that are subsequently re-emitted in a different 
direction. Further, the number of particles in the neighbourhood of 
the absorption line that get scattered per unit solid angle about a 
given direction specified by p’ and then belong to scatterers in state 
a’ will be given by the integral with respect to Æ’ of (53), which 
integral has in the same way the value 


272 70 P’ 

EWE 2 p'a |V [k>IP1<EIV [p°], 
This is just equal to the absorption coefficient (59) multiplied by the 
emission coefficient (56) divided by 26/h, the total emission coefficient. 
This is in agreement with the point of view of regarding the resonance 
scattered particles as those that are absorbed and then re-emitted, 
with the absorption and emission processes governed independently 
each by its own probability law, since this point of view would 
make the fraction of the total number of absorbed particles that are 
re-emitted in a unit solid angle about a given direction just the 
emission coefficient for this direction divided by the total emission 
coefficient. 


IX 
SYSTEMS CONTAINING SEVERAL SIMILAR PARTICLES 


54. Symmetrical and antisymmetrical states 

IF a system in atomic physics contains a number of particles of the 
same kind, e.g. a number of electrons, the particles are absolutely 
indistinguishable one from another. No observable change is made 
when two of them are interchanged. This circumstance gives rise to 
some curious phenomena in quantum mechanics having no analogue 
in the classical theory, which arise from the fact that in quantum 
mechanics a transition may occur resulting in merely the interchange 
of two similar particles, which transition then could not be detected 
by any observational means. A satisfactory theory ought, of course, 
to count two observationally indistinguishable states as the same 
state and to deny that any transition does occur when two similar 
particles exchange places. We shall find that it is possible to reformu- 
late the theory so that this is so. 

Suppose we have a system containing n similar particles. We may 
take as our dynamical variables a set of variables é describing the 
first particle, the corresponding set é, describing the second particle, 
and so on up to the set é, describing the nth particle. We shall then 
have the €,’s commuting with the és for r Æ s. (We may require 
certain extra variables, describing what the system consists of in 
addition to the n similar particles, but it is not necessary to mention 
these explicitly in the present chapter.) The Hamiltonian describing 
the motion of the system will now be expressible as a function of the 
É éa. én. The fact that the particles are similar requires that the 
Hamiltonian shall be a symmetrical function of the Èi, E2,- En, 1.€. it 
shall remain unchanged when the sets of variables €, are interchanged 
or permuted in any way. This condition must hold, no matter what 
perturbations are applied to the system. In fact, any quantity of 
physical significance must be a symmetrical function of the é’s. 

Let |a,>, |b,>,... be kets for the first particle considered as a dynami- 
cal system by itself. There will be corresponding kets |a,>, [b.>,... for 
the second particle by itself, and so on. We can get a ket for the 
assembly by taking the product of kets for each particle by itself, 
for example 


(a1) lba) C3). Jn? = [Ay bg C3---Gn> (1) 
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say, according to the notation of (65) of § 20. The ket (1) corresponds 
to a special kind of state for the assembly, which may be described 
by saying that each particle is in its own state, corresponding to its 
own factor on the left-hand side of (1). The general ket for the 
assembly is of the form of a sum or integral of kets like (1), and 
corresponds to a state for the assembly for which one cannot say that 
each particle is in its own state, but only that each particle is partly 
in several states, in a way which is correlated with the other particles 
being partly in several states. If the kets |a,), |b,>,... are a set of 
basic kets for the first particle by itself, the kets |a,), |b,),... will be 
a set of basic kets for the second particle by itself, and so on, and the 
Kets (1) will be a set of basic kets for the assembly. We call the repre- 
sentation provided by such basic kets for the assembly a symmetrical 
representation, as it treats all the particles on the same footing. 

In (1) we may interchange the kets for the first two particles and 
get another ket for the assembly, namely 

(b1) |@2>[C3>--1Gn> = [By Ay €3.--Gn>- 

More generally, we may interchange the role of the first two particles 
in any ket for the assembly and get another ket for the assembly. 
The process of interchanging the first two particles is an operator 
which can be applied to kets for the assembly, and is evidently a 
linear operator, of the type dealt with in § 7. Similarly, the process 
of interchanging any pair of particles is a linear operator, and by 
repeated applications of such interchanges we get any permutation 
of the particles appearing as a linear operator which can be applied 
to kets for the assembly. A permutation is called an even permutation 
or an odd permutation according to whether it can be built up from 
an even or an odd number of interchanges. 

A ket for the assembly |X) is called symmetrical if it is unchanged 
by any permutation, i.e. if 

P|X> = |X) (2) 

for any permutation P. It is called antisymmetrical if it is unchanged 
by any even permutation and has its sign changed by any odd 


permutation, i.e. if P|X) = +|X%), (3) 


the + or — sign being taken according to whether P is even or odd. 
The state corresponding te a symmetrical ket is called a symmetrical 
state, and the state corresponding to an antisymmetrical ket is called 
an antisymmetrical state. In a symmetrical representation, the repre- 
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sentative of a symmetrical ket is a symmetrical function of the 
variables referring to the various particles and the representative of 
an antisymmetrical ket is an antisymmetrical function. 

In the Schrédinger picture, the ket corresponding to a state of the 
assembly will vary with time according to Schrédinger’s equation of 
motion. If it is initially symmetrical it must always remain sym- 
metrical, since, owing to the Hamiltonian being symmetrical, there 
is nothing to disturb the symmetry. Similarly if the ket is initially 
antisymmetrical it must always remain antisymmetrical. Thus a 
state which ts initially symmetrical always remains symmetrical and 
a state which is initially antisymmetrical always remains antisym- 
metrical. In consequence, it may be that for a particular kind of 
particle only symmetrical states occur in nature, or only anti- 
symmetrical states occur in nature. If either of these possibilities 
held, it would lead to certain special phenomena for the particles in 
question. l 

Let us suppose first that only antisymmetrical states occur in 
nature. The ket (1) is not antisymmetrical and so does not corre- 
spond to a state occurring in nature. From (1) we can in general form 
an antisymmetrical ket by applying all possible permutations to it 
and adding the results, with the coefficient —1 inserted before those 
terms arising from an odd permutation, so as to get 


> + Pla, Do C3---In>s (4) 


the + or — sign being taken according to whether P is even or odd. 
The ket (4) may be written as a determinant 


la> [a> |ag> . . - [A> 
[b> lba lbp - -n 
7 l> lea) c3) - ee On 
I> 1ga lg - + + (Gn? 


and its representative in a symmetrical representation is a determi- 
nant. The ket (4) or (5) is not the general antisymmetrical ket, but 
is a specially simple one. It corresponds to a state for the assembly 
for which one can say that certain particle-states, namely the states 
a,b,c,...,g, are occupied, but one cannot say which particle is in 
which state, each particle being equally likely to be in any state. If 
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two of the particle-states a, b,c,...,g are the same, the ket (4) or (5) 
vanishes and does not correspond to any state for the assembly. 
Thus two particles cannot occupy the same state. More generally, the 
occupied states must be all independent, otherwise (4) or (5) vanishes. 
This is an important characteristic of particles for which only anti- 
symmetrical states occur in nature. It leads to a special statistics, 
which was first studied by Fermi, so we shall call particles for which 
only antisymmetrical states occur in nature fermions. 

Let us suppose now that only symmetrical states occur in nature. 
The ket (1) is not symmetrical, except in the special case when all the 
particle-states a,b,c,...,g are the same, but we can always obtain a 
symmetrical ket from it by applying all possible permutations to it 
and adding the results, so as to get 


2 P |, ba C3...Jn>: (6) 


The ket (6) is not the general symmetrical ket, but is a specially 
simple one. It corresponds to a state for the assembly for which one 
can say that certain particle-states are occupied, namely the states 
a,6,c,...,g, without being able to say which particle is in which state. 
It is now possible for two or more of the states a,b,c,...,g to be the 
same, so that two or more particles can be in the same state. In spite 
of this, the statistics of the particles is not the same as the usual 
statistics of the classical theory. The new statistics was first studied 
by Bose, so we shall call particles for which only symmetrical states 
occur in nature bosons. 

We can see the difference of Bose statistics from the usual statistics 
by considering a special case—that of only two particles and only two 
independent states a and b for a particle. According to classical 
mechanics, if the assembly of two particles is in thermodynamic 
equilibrium at a high temperature, each particle will be equally likely 
to be in either state. There is thus a probability 4 of both particles 
being in state a, a probability + of both particles being in state b, 
and a probability $ of one particle being in each state. In the quan- 
tum theory there are three independent symmetrical states for the 
pair of particles, corresponding to the symmetrical kets |a,>|a,), 
|b,>|6,>, and |a,>|b,>+ |a.>|b,>, and describable as both particles in 
state a, both particles in state b, and one particle in each state 
respectively. For thermodynamic equilibrium at a high temperature 
these three states are equally probable, as was shown in § 33, so that 
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there is a probability 4 of both particles being in state a, a probability 
4 of both particles being in state b, and a probability 4 of one particle 
being in each state. Thus with Bose statistics the probability of two 
particles being in the same state is greater than with classical statistics. 
Bose statistics differ from classical statistics in the opposite direction 
to Fermi statistics, for which the probability of two particles being 
in the same state 1s zero. 

In building up a theory of atoms on the lines mentioned at the 
beginning of § 38, to get agreement with experiment one must assume 
that two electrons are never in the same state. This rule is known as 
Pauli’s exclusion principle. It shows us that electrons are fermions. 
Planck’s law of radiation shows us that photons are bosons, as only the 
Bose statistics for photons will lead to Planck’s law. Similarly, for 
each of the other kinds of particle known in physics, there is experi- 
mental evidence to show either that they are fermions, or that they 
are bosons. Protons, neutrons, positrons are fermions, a-particles are 
bosons. It appears that all particles occurring in nature are either 
fermions or bosons, and thus only antisymmetrical or symmetrical 
states for an assembly of similar particles are met with in practice. 
Other more complicated kinds of symmetry are possible mathemati- 
cally, but do not apply to any known particles. With a theory which 
allows only antisymmetrical or only symmetrical states for a particu- 
lar kind of particle, one cannot make a distinction between two states 
which differ only through a permutation of the particles, so that the 
transitions mentioned at the beginning of this section disappear. 


55. Permutations as dynamical variables 

We shall now build up a general theory for a system containing n 
similar particles when states with any kind of symmetry properties 
are allowed, i.e. when there is no restriction to only symmetrical or 
only antisymmetrical states. The general state now will not be sym- 
metrical or antisymmetrical, nor will it be expressible linearly in 
terms of symmetrical and antisymmetrical states when n > 2. This 
theory will not apply directly to any particles occurring in nature, 
but all the same it is useful for setting up an approximate treatment 
for an assembly of electrons, as will be shown in § 58. 

We have seen that each permutation P of the n particles is a linear 
operator which can be applied to any ket for the assembly. Hence 
we can regard P as a dynamical variable in our system of n particles. 
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There are n! permutations, each of which can be regarded as a 
dynamical variable. One of them, P, say, is the identical permutation, 
which is equal to unity. The product of any two permutations is a 
third permutation and hence any function of the permutations is 
reducible to a linear function of them. Any permutation P has a 
reciprocal P-! satisfying 

PP = PP = RA = 1. 


A permutation P can be applied to a bra <X| for the assembly, 
to give another bra, which we shall denote for the present by P<X|. 
If P is applied to both factors of the product <X| Y>, the product 
must be unchanged, since it is just a number, independent of any 
order of the particles. Thus 


(P<X|)P| Y> = <| F> 
showing that P<X| = <X|P-1 (7) 
Now P<X| is the conjugate imaginary of P| X> and i is thus equal to 
(X |P, and hence from (7) 
P = P- (8) 
Thus a permutation is not in general a real dynamical variable, its 
conjugate complex being equal to its reciprocal. 


Any permutation of the numbers 1, 2, 3,..., n may be expressed in 
the cyclic notation, e.g. with n = 8 | 


Fa = (148)(27)(58)(6), (9) 


in which each number is to be replaced by the succeeding number in 
a bracket, unless it is the last in a bracket, when it is to be replaced 
by the first in that bracket. Thus P, changes the numbers 12345678 
into 47138625. The type of any permutation is specified by the 
partition of the number n which is provided by the number of num- 
bers in each of the brackets. Thus the type of P, is specified by the 
partition 8 = 3+2+2-+1. Permutations of the same type, i.e. corre- 
sponding to the same partition, we shall call similar. Thus, for 
example, P, in (9) is similar to 


= (871)(35)(46)(2). (10) 


The whole of the n! possible permutations may be divided into sets 
of similar permutations, each such set being called a class. The per- 
mutation A = 1 forms a class by itself. Any permutation is similar 
to its reciprocal. 
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and F, are similar, either of them B, 
may be obtained by making a certain permutation P, in the other 
P,. Thus, in our example (9), (10) we can take P, to be the permuta- 
tion that changes 14327586 into 87135462, i.e. the permutation 
P, = (18623)(478). 

Different ways of writing P, and P, in the cyclic notation would lead 
to different Ps. Any of these P,’s applied to the product P,|X> 
would change it into P,.P,|X), i.e. 


P.P,|X> = R BJ). 
Hence P, = P,P, Pzt, (11) 
which expresses the condition for P, and P, to be similar as an 


algebraic equation. The existence of any P, satisfying (11) is suff- 
cient to show that P, and F, are similar. 


When two permutations P 


56. Permutations as constants of the motion 

Any symmetrical function V of the dynamical variables of all the 
particles is unchanged by the application of any permutation P, so 
P applied to the product V|X> affects only the factor |X), thus 

PV\|X> = VP|&). 

Hence PV = VP, (12) 
showing that a symmetrical function of the dynamical variables com- 
mutes with every permutation. The Hamiltonian is a symmetrical 
function of the dynamical variables and thus commutes with every 
permutation. It follows that each permutation is a constant of the 
motion. This holds even if the Hamiltonian is not constant. If |X? 
is any solution of Schrédinger’s equation of motion, P|X¢) is another. 

In dealing with any system in quantum mechanics, when we have 
found a constant of the motion a, we know that if for any state of 
motion, « initially has the numerical value a’, then it always has this 
value, so that we can assign different numbers a’ to the different 
states and so obtain a classification of the states. The procedure is 
not so straightforward, however, when we have several constants of 
the motion « which do not commute (as is the case with our permuta- 
tions P), since we cannot in general assign numerical values for all 
the o’s simultaneously to any state. Let us first take the case of a 
system whose Hamiltonian does not involve the time explicitly. The 
existence of constants of the motion « which do not commute is 


then a sign that the system is degenerate. This is because, for a 
3595-57 P 
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non-degenerate system, the Hamiltonian H by itself forms a complete 
set of commuting observables and hence, from Theorem 2 of § 19, each 
of the «’s is a function of H and therefore commutes with any other «. 

We must now look for a function £ of the «’s which has one and 
the same numerical value f’ for all those states belonging to one 
energy-level H’, so that we can use £ for classifying the energy-levels 
of the system. We can express the condition for B by saying that it 
must be a function of H and must therefore commute with every 
dynamical variable that commutes with H, i.e. with every constant 
of the motion. If the a’s are the only constants of the motion, or if 
they are a set that commute with all other independent constants of 
the motion, our problem reduces to finding a function £ of the o’s 
which commutes with all the «’s. We can then assign a numerical 
value $’ for 8 to each energy-level of the system. If we can find 
several such functions £, they must all commute with each other, so 
that we can give them all numerical values simultaneously. We ob- 
tain thus a classification of the energy-levels. When the Hamiltonian 
involves the time explicitly one cannot talk about energy-levels, but 
the f’s will still give a useful classification of the states. 

We follow this method in dealing with our permutations P. We 
must find a function y of the P’s such that PyP-1 = y for every P. 
It is evident that a possible y is >» P, the sum of all the permutations 
in a certain class c, i.e. the sum of a set of similar permutations, since 
>, PP, P-t must consist of the same permutations summed in a differ- 
ent order. There will be one such y for each class. Further, there can 
be no other independent y, since an arbitrary function of the P’s can 
be expressed as a linear function of them with numerical coefficients, 
and it will not then commute with every P unless the coefficients of 
similar P’s are always the same. We thus obtain all the x’s that can 
be used for classifying the states. It is convenient to define each xX as 
an average instead of a sum, thus 


Xe = ng? D Py 
where n, is the number of P’s in the class c. An alternative expression 
for x, is Xo = n1 5 PP P- (13) 
P 


the sum being extended over all the n! permutations P, it being easy 
to verify that this sum contains each member of the class c the same 
number of times. For each permutation P there is one x, x(P) say, 
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equal to the average of all permutations similar to P. One of tke 
x's is x(F,) = 1. 

The constants of the motion y, x>,.--, Xm obtained in this way will 
each have a definite numerical value for every stationary state of the 
system, in the case when the Hamiltonian does not involve the time 
explicitly, and also in the general case can be used for classifying 
the states, there being one set of states for every permissible set of 
numerical values y1, ¥2--- Xn for the y’s. Since the y’s are always 
constants of the motion, these sets of states will be exclusive, i.e. 
transitions will never take place from a state in one set to a state in 
another. 

The permissible sets of values y’ that one can give to the y’s are 
limited by the fact that there exist algebraic relations between the 
xs. The product of any two y’s, x, x,, is of course expressible as 
a linear function of the P’s, and since it commutes with every P it 
must be expressible as a linear function of the y’s, thus 


Xp Xa — Qı X1 +A, Xat -Fam Xm (14) 


where the a’s are numbers. Any numerical values y’ that one give 

to the y’s must be eigenvalues of the y’s and must satisfy these same 
algebraic equations. For every solution x’ of these equations there 
is one exclusive set of states. One solution is evidently yp = 1 for 
every x,, giving the set of symmetrical states. A second obvious 
solution, giving the set of antisymmetrical states, is y, = +1, the 
+ or — sign being taken according to whether the permutations in 
the class p are even or odd. The other solutions may be worked out 
in any special case by ordinary algebraic methods, as the coefficients 
a in (14) may be obtained directly by a consideration of the types 
of permutation to which the y’s concerned refer. Any solution is, 
apart from a certain factor, what is called in group theory a characier 
of tke group of permutations. The y’s are all real dynamical variables, 
since each P and its conjugate complex P-! are similar and will occur 
added together in the definition of any y, so that the y’’s must be all 
real numbers. 

The number of possible solutions of the equations (14) may easily 
be determined, since it must equal the number of different eigen- 
values of an arbitrary function B of the y’s. We can express B as 
a linear function of the y’s with the help of equations (14); thus 


B = bi xit ba ve t--- ton Xm: (15) 
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Similarly, we can express each of the quantities B?, B°,..., B™ as a 
linear function of the y’s. From ‘the m equations thus obtained, 
‘together with the equation y(P,) = 1, we can eliminate the m un- 
knowns x1, Xa) Xm» Obtaining as result an algebraic equation of 
degree m for B, 

Bro, B™-i+c¢, B™?+...+6,, = 0. 


The m solutions of this equation give the m possible eigenvalues 
for B, each of which will, according to (15), be a linear function of b4, 
by,..., Om whose coefficients are a permissible set of values y4, X2,- Xm- 
The sets of values x’ thus obtained must be all different, since if 
there were fewer than m different permissible sets of values y’ for the 
x's, there would exist a linear function of the y’s every one of whose 
eigenvalues vanishes, which would mean that the linear function itself 
vanishes and the y’s are not linearly independent. Thus the number of 
permissible sets of numerical values for the y’s is just equal to m, which 
is the number of classes of permutations or the number of partitions 
of n. This number is therefore the number of exclusive sets of states. 

All dynamical variables of physical importance and all observable 
quantities are symmetrical between the particles and thus commute 
with all the P’s. Thus the only functions of the P’s of physical 
importance are the x’s. The states corresponding to |y’> and to 
S(P)|x’>, where |x’) is any eigenket of the y’s belonging to the eigen- 
values x’ and f(P) is any function of the P’s such that f(P)|y’> + 0, 
are observationally indistinguishable and are thus physically equiva- 
lent. There is a definite number, n(x’) say, of independent kets which 
can be formed by multiplying |y’> by functions of the P’s, which 
number depends only on the y’’s. It is the number of rows and 
columns in a matrix representation of the P’s in which each y is 
equal to x’. If |x’) corresponds to a stationary state, n(x’) will be 
its degree of degeneracy (so far as concerns degeneracy caused by the 
symmetry between the particles). This degeneracy cannot be removed 
by any perturbation that is symmetrical between the particles. 


57. Determination of the energy -levels 

Let us apply the perturbation method of § 43 and make a first-order 
calculation of the energy-levels in the case when the Hamiltonian 
does not involve the time explicitly. We suppose that for our unper- 
turbed stationary states of the assembly each of the similar particles 
has its own individual state. With n particles, we shall have n of 
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these states, corresponding to kets |al, |a*>,..., |a”) say, which we 
assume for the present to be all orthogonal. The ket for the assembly 
is th 

is then IX) = Joddo8)...Ja%), (16) 


like (1) with at, a,... instead of a, b,.... If we apply any permutation 
P to it we get another ket 

P|X> = |> las). az (17) 
say, 7, S,..., 2 being some permutation of the numbers 1, 2,..., n, 
corresponding to another stationary state of the assembly with the 
same energy. There are thus altogether n! unperturbed states with 
this energy, if we assume there are no other causes of degeneracy. 
According to the method of § 43 when the unperturbed system is 
degenerate, we must consider those elements of the matrix represent- 
ing the perturbing energy V that refer to two states with the same 
energy, i.e. those of the type <X |P, VP,|X>. These will form a matrix 
with n! rows and columns, whose eigenvalues are the first-order 
corrections in the energy-levels. 

We must now introduce another kind of permutation operator 
which can be applied to kets of the form (17), namely a permutation 
which acts on the indices of the «’s. We denote such a permutation 
operator by P*. The essential difference between the P’s and the 
P’s may be seen in the following way. Let us consider a permutation 
in the general sense, say that consisting of the interchange of 2 and 3. 
This may be interpreted either as the interchange of the objects 2 and 
3 or as the interchange of the objects in the places 2 and 3, these two 
operations producing in general quite different results. The first of 
these interpretations is the one that gives the operators P, the objects 
concerned being the similar particles. A permutation P can be 
applied to an arbitrary ket for the assembly. A permutation with the 
second interpretation has a meaning, however, only when applied 
to a ket of the form (17), for which each of the particles is in a ‘place’ 
specified by an a, or to a sum of kets of the form (17). A permutation 
P may be considered as an ordinary dynamical variable. A permuta- 
tion P may be considered as a dynamical variable in a restricted 
sense, valid when one is dealing only with states obtainable by super- 
position of the various states (17). This is the case for our present 
perturbation problem. 

We can form algebraic functions of the P* which will be other 
operators applicable to kets of the form (17). In particular we can 
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form x(P%), the average of all P%’s in a certain class c. This must 
equal xy(P.), the average of the permutation operators P in the same 
class, since the total set of all permutations in a given class must 
evidently be the same whether the permutations are applied to the 
particles or to the places the particles are in. Any P commutes with 


any P%, i.e. P, Pt = Pep. (18) 

By labelling the «’s by the same numbers 1, 2, 9,..., n which label 
the particles, we set up a one-one correspondence between the «’s and 
the particles, so that given any permutation P, applying to the par- 


ticles, we can give a meaning to the same permutation P% applying 
to the «’s. This meaning is such that, for the ket |X) given by (16), 


PEP IAD = |X. (19) 

Since the various kets |œ), |a?>,... are orthogonal, |X> and P|X> are 
orthogonal unless P = 1. It follows that, for any coefficients cp, 

5 cp X PeP, X> = er, (20) 


provided |X» is normalized, the summation being over all the n! 
permutations P or P*, with P, fixed. Now define Vp by. 


Vp = <X|VP|X). (21) 
We then have, for any two permutations P, and P,, 
KR VBP = (X|VP, PX = Vp, p, 
= 5 Vp (X| P*P, P,|X> 


with the help of (20). From (18) this gives 
(X |P; VP, |X = 2 Vp (X |P, P&P, |X). (22) 


We may write this result as 


X 


V => Vp Ps, (23) 
P 


where the sign = means an equation in a restricted sense, the 
operators on the two sides being equal so long as they are used only 
with kets of the form P|X) and their conjugate imaginary bras. 
The formula (23) shows that the perturbing energy V is equal, in 
the restricted sense, to a linear function of the permutation operators 
P% with coefficients Vp given by (21). The restricted sense is adequate 
for the calculation of the first-order correction in the energy-levels, 
as this calculation involves only those matrix elements of V given by 
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(22). The formula (23) is a very convenient one because the expression 
on its right-hand side is easily handled. 

As an example of an application of (23) we shall determine the 
average energy of all those states, arising from the unperturbed state 
(16), that belong to one exclusive set. This requires us to calculate 
the average eigenvalue of V for those states (17) for which the ’s 
have specified numerical values y’. Now the average eigenvalue of 
P2 for any of these states equals that of P*P}(P%)-+ for arbitrary 
P% and thus equals that of nit > P«“P%(P%)-1, which is y’(P%) or 


a 


y'(P,). Hence the average eigenvalue of V is > Vpx' (P). A similar 
P 


method could be used for calculating the average eigenvalue of any 
function of V, it being necessary only to replace each P% by x'(P) to 
perform the averaging. 

The number of energy-levels in an exclusive set y = x’ that arise 
from a given state of the unperturbed system is equal to the number 
of eigenvalues of the right-hand side of (23) that are consistent with 
the equations y = x’. This number is the number n(x’) introduced 
at the end of the preceding section, and is thus just the degree of 
degeneracy of the states in this set. 

We have assumed that the individual kets |a!), |«?>,... which deter- 
mine the unperturbed state according to (16) are all orthogonal. The 
theory can easily be extended to the case when some of these kets are 
equal, any two that are not equal being still restricted to be orthogonal. 
We now have some permutations P% such that P*|X> = |X), 
namely those permutations which involve only interchanges of 
equal «’s. Equation (20) will now hold if the summation is extended 
only over those P’s which make-P*|X> different. With this change 
in the meaning of 2 all the previous equations still hold, including 


the result (23). For the present |X) there will be restrictions on the 
possible numerical values of the y’s, e.g. they cannot have those 
values corresponding to |X) being antisymmetrical. 


58. Application to electrons 

Let us consider the case when the similar particles are electrons. 
This requires, according to Pauli’s exclusion principle discussed in 
§ 54, that we take into account only the antisymmetrical states. It 
is now necessary to make explicit reference to the fact that electrons 
have spins, which show themselves through an angular momentum 
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and a magnetic moment. The effect of the spin on the motion of 
an electron in an electromagnetic field is not very great. There 
are additional forces on the electron due to its magnetic moment, 
requiring additional terms in the Hamiltonian. The spin angular 
momentum does not have any direct action on the motion, butit comes 
into play when there are forces tending to rotate the magnetic moment, 
since the magnetic moment and angular momentum are constrained 
to be always in the same direction. In the absence of a strong 
magnetic field these effects are all small, of the same order of magni- 
tude as the corrections required by relativistic mechanics, and there 
would be no point in taking them into account in a non-relativistic 
theory. Theimportance of the spin lies not in these small effects on the 
motion of the electron, but in the fact that it gives two internal states 
to the electron, corresponding to the two possible values of the spin 
component in any assigned direction, which causes a doubling in the 
number of independent states of an electron. This fact has far-reaching 
consequences when combined with Pauli’s exclusion principle. 

In dealing with an assembly of electrons we have two kinds of 
dynamical variables. The first kind, which we may call the orbital 
variables, consists of the coordinates x, y, z of all the electrons and 
their conjugate momenta p,, Py, Pz The second kind consists of the 
spin variables, the variables o,, c}, o,, as introduced in § 37, for all 
the electrons. These two kinds of variables belong to different degrees 
of freedom. According to §§ 20 and 21, a ket fixing the state of the 
whole system may be of the form |A>|B), where |A) is a ket referring 
to the orbital variables alone and |B) is a ket referring to the spin 
variables alone, and the general ket fixing a state of the whole system 
is a sum or integral of kets of this form. This way of looking at things 
enables us to introduce two kinds of permutation operators, the first 
kind, P* say, applying to the orbital variables only and operating 
only on the factor |A> and the second kind, P* say, applying only 
to the spin variables and operating only on the factor |B>. The PPs 
and P°’s can each be applied to any ket for the whole system, not 
merely to certain special kets, like the P%’s of the preceding section. 
The permutations P that we have had up to the present apply to all 
the dynamical variables of the particles concerned, so for electrons 
they will apply to both the orbital and the spin variables. This means 
that each P, equals the product 

, = P? P7, (24) 
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We can now see the need for taking the spin variables into account 
when applying Pauli’s exclusion principle, even if we neglect the spin 
forces in the Hamiltonian. For any state occurring in nature each 
P, must have the value +1, according to whether it is an even or 
an odd permutation, so from (24) 

Pz P3 = +1. (25) 

The theory of the three preceding sections would become trivial if 
applied directly to electrons, for which each P, = +1. We may, 
however, apply it to the P? permutations of electrons. The P°’s are 
constants of the motion if we neglect the terms in the Hamiltonian 
that arise from the spin forces, since this neglect results in the 
Hamiltonian not involving the spin dynamical variables oat all. The 
Ps must then also be constants of the motion. We can now intro- 
duce new y’s, equal to the average of all of the P*’s in each class, and 
assert that for any permissible set of numerical values x’ for these y’s 
there will be one exclusive set of states. Thus there exist exclusive sets 
of states for systems containing many electrons even when we restrict 
ourselves to a consideration of only those states that satisfy Pauli’s 
principle. The exclusiveness of the sets of states is now, of course, 
only approximate, since the y’s are constants only so long as we 
neglect the spin forces. There will actually be a small probability for 
a transition from a state in one set to a state in another. 

Equation (25) gives us a simple connexion between the P*’s and 
P°’s, which means that instead of studying the dynamical variables 
P= we can get all the results we want, e.g. the characters x’, by 
studying the dynamical variables P°. The P°’s are much easier to 
study on account of there being only two independent states of spin 
for each electron. This fact results in there being fewer characters x’ 
for the group of permutations of the c-variables than for the group 
of general permutations, since it prevents a ket in the spin variables 
from being antisymmetrical in more than two of them. 

The study of the P°’s is made specially easy by the fact that we 
can express them as algebraic functions of the dynamical variables o. 
Consider | the quantity 

Org = HAAG g1 O72 FF y1 Tyta Mee} = z1 (01 82) 
With the e help of equations (50) and (51) of § 37 we find readily that 
(Gy, Og)? = (031 Fgg+ Oys y2 F x1 922)” = 3—2(Gy, 62), (26) 
and hence that 
0:3 = H1 +201, 62)+ (51: 03)°} = 1. (27) 
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Again, we find 
Or. Ori = Hoz Foro — x4 Tyo HiO T32}, 
O72 Oy, = Hoge tog tio yy, Oz9— tO] Tya) 
and hence O49 Cz = Czo O12- 
Similar relations hold for c, and c, so that we have 
O12591 = 62 O12 
or O12 5, OI = Gy. 
From this we can obtain with the help of (27) 
O12 2 Oi = 94. 


These commutation relations for O} with o, and c, are precisely the 
same as those for Pi, the permutation consisting of the interchange 
of the spin variables of electrons 1 and 2. Thus we can put 


a Co 
Oiz = cPY,, 


where c is a number. Equation (27) shows that c = +1. To deter- 
mine which of these values for c is the correct one, we observe that 
the eigenvalues of PY, are 1, 1, 1, —1, corresponding to the fact that 
there exist three independent symmetrical and one antisymmetrical 
state in the spin variables of two electrons, namely, with the notation 
of § 37, the states represented by the three symmetrical functions 
FalFe1)fa(Gce)s Fpl) fp(Gz2)> Fol Ger) fp(o22) Hf p(on) falez), and the one 
antisymmetrical function f,.(021) fp(oz2) felon) fa(oz2). Thus the mean 
of the eigenvalues of Pf, is 4. Now the mean of the eigenvalues of 
(S1, S2) is evidently zero and hence the mean of the eigenvalues of O,, 
is 4. Thus we must have c = +1, and so we can put 
Po. = 31+ (61, 52)}. (28) 
In this way any permutation P” consisting simply of an interchange 
can be expressed as an algebraic function of the o’s. Any other per- 
mutation P° can be éxpressed as a product of interchanges and can 
therefore also be expressed as a function of the o’s. With the help of 
(25) we can now express the P*’s as algebraic functions of the o’s and 
eliminate the P°’s from the discussion. We have, since the — sign 
must be taken in (25) when the permutations are interchanges and 
since the square of an interchange is unity, 


Pi = —3{1 + (61, 63)}. (29) 


The formula (29) may conveniently be used for the evaluation of 
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the characters y’ which define the exclusive sets of states. We have, 
for example, for the permutations consisting of interchanges, 


Xe = X(P he) = 1+ Z (enon), 


If we introduce the dynamical variable s to describe the magnitude of 
the total spin angular momentum, 4 2 sin units of #, through the 


formula 
s(s+1) = (3 5 o» 4 > %), 
in ayreement with (39) of § 36, we have 
2 X (Go) = (or Xo) — X (G94) 


= 4s(s-+1)—3n. 
Hence 
l 4s(s+1)—3n n(n— STEED 

Thus yə is expressible as a function of the mail variable s and 
ofn the number of electrons. Any of the other y’s could be evaluated 
on similar lines and would have to be a function of s and n only, since 
there are no other symmetrical functions of all the o dynamical 
variables which could be involved. There is therefore one set of 
numerical values y’ for the y’s, and thus one exclusive set of states, 
for each eigenvalue s’ of s. The eigenvalues of s are 

dn, n—l, 4n—2, ns 

the series terminating with 0 or 4. 

We see in this way that each of the stationary states of a system 
with several electrons is an eigenstate of s, the magnitude in units of 
f, of the total spin angular momentum 4 > o, belonging to a definite 


eigenvalue s’. For any given s’ there will be 2s’+1 possible values 
for a component of the total spin vector in any direction and these 
will correspond to 2s"-++ 1 independent stationary states with the same 
energy. When we do not neglect the forces due to the spin magnetic 
moments these 2s’+-1 states will in general be split up into 2s’+1 
states with slightly different energies, and will thus form a multiplet 
of multiplicity 2s’-++1. Transitions in which s’ changes, i.e. transitions 
from one multiplicity to another, cannot occur when the spin forces 
are neglected and will have only a small probability of occurrence 
when the spin forces are not neglected. 
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We can determine the energy-levels of a system with several 
electrons to the first approximation by applying the theory of the 
preceding section with the kets |o”> referring only to the orbital 
variables and using formula (23). If we consider only the Coulomb 
forces between the electrons, then the interaction energy V will 
consist of a sum of parts each referring to only two electrons, which 
will result in all the matrix elements Vp vanishing except those for 
which P” is the identical permutation or is simply an interchange of 
two electrons. Thus (23) will reduce to 


V =+ S Vp Ph, (31) 
r< s 


F, being the matrix element referring to the interchange of electrons 
rand s. Since the P®’s have the same properties as the P*’s, any 
function of the P°’s will have the same eigenvalues as the corre- 
sponding function of the P*’s, so that the right-hand side of (31) 
will have the same eigenvalues as 


Vt > Vis Phe 
r<8 
or V —4 > V{1+(0, 65)} (32) 
r<s 


from (29). The eigenvalues of (32) will give the first-order corrections 
in the energy-levels. The form of (32) shows that a model which 
assumes a coupling energy between the spins of the various electrons, 
of magnitude —4iV,,(o,,0,) for the electrons in the r and s orbital 
states, would meet with a fair amount of success. This coupling 
energy is much greater than that of the spin magnetic moments. Such 
models of the atom were in use before the justification by quantum 
mechanics was obtained. 

We may have two of the orbital states of the unperturbed system 
the same, i.e. the kets |a" in the orbital variables for two electrons 
may be the same. Suppose |a!> and |«?> are the same. Then we must 
take only those eigenvalues of (31) that are consistent with P% = 1, 
or those eigenvalues of (32) that are consistent with P?, = 1 or 
P?, = —1. From (28) this condition gives (61,6) = —3, so that 
(o,-+o0,)? = 0. Thus the resultant of the two spins o, and a, is zero, 
which may be interpreted as the spins c; and o, being antiparallel. 
Thus we may say that two electrons in the same orbital state have 
their spins antiparallel. More than two electrons cannot be in the 
same orbital state. 


X 
THEORY OF RADIATION 
59. An assembly of bosons 


WE consider a dynamical system composed of w’ similar particles. 
We set up a representation for one of the particles with discrete basic 
kets |o>, |a), [2®>,.... Then, as explained in § 54, we get a sym- 
metrical representation of the assembly of w’ particles by taking as 
basic kets the products 


Jot) lab) og. fod = lat og ag. (1) 
in which there is one factor for each particle, the suffixes 1, 2, 3,..., w’ 
of the «’s being the labels of the particles and the indices a, b, ¢,..., 9 
denoting indices ®, ©, ®,... in the basic kets for one particle. If the 
particles are bosons, so that only symmetrical states occur in nature, 
then we need to work with only the symmetrical kets that can be 
constructed from the kets (1). The states corresponding to these 
symmetrical kets will form a complete set of states for the assembly 
of bosons. We can build up a theory of them as follows. 
We introduce the linear operator S defined by 
S=w'!-?> P, (2) 
the sum being taken over all the wu’! permutations of the u’ particles. 
Then S applied to any ket for the assembly gives a symmetrical ket. 
We may therefore call S the symmetrizing operator. From (8) of § 55 
it is real. Applied to the ket (1) it gives 
u'l- > Plaga ag... = Slata’a’...a%>, (3) 
the labels of the particles being omitted on the right-hand side as 
they are no longer relevant. The ket (3) corresponds to a state for 
the assembly of u’ bosons with a definite distribution of the bosons 
among the various boson states, without any particular boson being 
assigned to any particular state. The distribution of bosons is speci- 
fied if we specify how many bosons are in each boson state. Let 
ni, na, Nng... be the numbers of bosons in the states aD, a, a®),... 
respectively with this distribution. The n”s are defined algebraically 
by the equation 


att y®tof+t... tad = n ft neg + ne f+... (4) 
The sum of the n”s is of course u’. The number of n”s is equal to 
the number of basic kets Ja), which in most applications of the 
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theory is very much greater than wu’, so most of the n’’s will be zero. 
If x8, ab, a°,..., a7 are all different, i.e. if the »’’s are all 0 or 1, the 
ket (3) is normalized, since in this case the terms on the left-hand 
side of (3) are all orthogonal to one another and each contributes 
u'!-1 to the squared length of the ket. However, if a%, a, a°,..., «4 
are not all different, those terms on the left-hand side of (3) will 
be equal which arise from permutations P which merely interchange 
bosons in the same state. The number of equal terms will be 
Ni! Na! Nng!..., so the squared length of the ket (3) will be 
Kato o...09| S? ata af...07) = ni! ng! ngl... (5) 

For dealing with a general state of the assembly we can introduce 
the numbers ni, na, ng, of bosons in the states o, a®, a)... 
respectively and treat the n’s as dynamical variables or as observ- 
ables. They have the eigenvalues 0, 1, 2,..., w’. The ket (3) is a 
simultaneous eigenket of all the n’s, belonging to the eigenvalues 
Ny, Ny, Ng. The various kets (3) form a complete set for the 
dynamical system consisting of u’ bosons, so the ws all commute 
(see the converse to the theorem of § 13). Further, there is only one 
independent ket (3) belonging to any set of eigenvalues ni, ng, ngs... 
Hence the n’s form a complete set of commuting observables. If we 
normalize the kets (3) and then label the -resulting kets by the 
eigenvalues of the n’s to which they belong, i.e. if we put 

(ni! na! Nng!) FS lata®ee...o> = n ny Na., (6) 

we get a set of kets |ni ngng...>, with the n’’s taking on all non-negative 
integral values adding up to w’, which kets will form the basic kets 
of a representation with the n’s diagonal. 

The n’s can be expressed as functions of the observables Oy, Qg, 
æg, % Which define the basic kets of the individual bosons by 
means of the equations 


Na = > Ò or ap? (7) 
or the equations È nafl) = È fla) (8) 


r 
holding for any function f. 

Let us now suppose that the number of bosons in the assembly is 
not given, but is variable. This number is then a dynamical variable 
or observable u, with eigenvalues 0, 1, 2,..., and the ket (3) is an 
eigenket of u belonging to the eigenvalue u’. To get a complete 
set of kets for our dynamical system we must now take all the 
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symmetrical kets (3) for all values of wu’. We may arrange them in 
order thus I>, fa, Slat >, Sjata’a>, o, (9) 


where first is written the ket, with no label, corresponding to the 
state with no bosons present, then come the kets corresponding to 
states with one boson present, then those corresponding to states 
with two bosons, and so on. A general state corresponds to a ket 
which is a sum of the various kets (9). The kets (9) are all orthogonal 
to one another, two kets referring to the same number of bosons being 
orthogonal as before, and two referring to different numbers of bosons 
being orthogonal since they are eigenkets of u belonging to different 
eigenvalues. By normalizing all the kets (9), we get a set of kets like 
(6) with no restriction on the n’’s (i.e. each n’ taking on all non- 
negative integral values) and these kets form the basic kets of a 
representation with the n’s diagonal for the dynamical system con- 
sisting of a variable number of bosons. 

If there is no interaction between the bosons and if the basic kets 
|x), Jox>,... correspond to stationary states of a boson, the kets (9) 
will correspond to stationary states for the assembly of bosons. The 
number u of bosons is now constant in time, but it need not be a 
specified number, i.e. the general state is a superposition of states 
with various values for u. If the energy of one boson is H(«), the 
energy of the assembly will be 


> Ho) = È m H° (10) 


from (8), H* being short for the number H(a%). This gives the 
Hamiltonian for the assembly as a function of the dynamical 
variables n. 


60. The connexion between bosons and oscillators 

In § 34 we studied the harmonic oscillator, a dynamical system of 
one degree of freedom describable in terms of a canonical q and p, 
such that the Hamiltonian is a sum of squares of q and p, with 
numerical coefficients. We define a general oscillator mathematically 
as a system of one degree of freedom describable in terms of a 
canonical g and p, such that the Hamiltonian is a power series in g 
and p, and remains so if the system is perturbed in any way. We 
shall now study a dynamical system composed of several of these 
oscillators. We can describe each oscillator in terms of, instead of 
q and p, a complex dynamical variable 7, like the 7 of § 34, and its 
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conjugate complex 7, satisfying the commutation relation (7) of 
§ 34. We attach labels 1, 2, 3,... to the different oscillators, so that 
the whole set of oscillators is describable in terms of the dynamical 


variables 71, 2, Ng- Jo Neo Ng- Satisfying the commutation 
relations _ 
Nao No Na = O, 
ao 1b a = 9, (11) 
la No Me Na = Pap- 
Put Naa = Na (12) 
so that a Na = Mtl. (13) 


The n’s are observables which commute with one another and the 
work of § 34 shows that each of them has as eigenvalues all non- 
negative integers. For the ath oscillator there is a standard ket for 
the Fock representation, |0,> say, which is a normalized eigenket of n, 
belonging to the eigenvalue zero. By multiplying all these standard 
kets together we get a standard ket for the Fock representation for 
the set of oscillators, 10, |05) 103... (14) 


which is a simultaneous eigenket of all the n’s belonging to the 
eigenvalues zero. We shall denote it simply by |0>. From (13) of § 34 


71a|0> = 0 (15) 
for any a. The work of § 34 also shows that, if ni, na, n3,... are any 
non-negative integers, ti nt nB...|0) (16) 


is a simultaneous eigenket of all the n’s belonging to the eigenvalues 
Ni, Ny, N3,... respectively. The various kets (16) obtained by taking 
different ’’s form a complete set of kets all orthogonal to one another 
and the square of the length of one of them is, from (16) of § 34, 
Ni! No! Ngh... From this we see, bearing in mind the result (5), that 
the kets (16) have just the same properties as the kets (9), so that 
we can equate each ket (16) to the ket (9) referring to the same n’ 
values without getting any inconsistency. This involves putting 


Slatoae...0> = Na Ny Ne Ng|O>- (17) 

The standard ket |0> becomes equal to the first of the kets (9), corre- 
sponding to no bosons present. 

The effect of equation (17) is to identify the states of an assembly 

of bosons with the states of a set of oscillators. This means that the 
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dynamical system consisting of an assembly of similar bosons is equiva- 
lent to the dynamical system consisting of a set of oscillators—the two 
systems are just the same system looked at from two different points of 
view. There is one oscillator associated with each independent boson 
state. We have here one of the most fundamental results of quantum 
mechanics, which enables a unification of the wave and corpuscular 
theories of light to be effected. 

Our work in the preceding. section was built up on a discrete set 
of basic kets |a% for a boson. We could pass to a different discrete 
set of basic kets, |B4> say, and build up a similar theory on them. 
The basic kets for the assembly would then be, instead of (9), 


I>, [B4>, SIB4B>, S|BABBB, .... (18) 
The first of the kets (18), referring to no bosons present, is the same 
as the first of the kets (9). Those kets (18) referring to one boson 
present are linear functions of those kets (9) referring to one boson 


present, namely BA = > Jaalan |B 4), (19) 


and generally those kets (18) referring to wu’ bosons present are linear 
functions of those kets (9) referring to w’ bosons present. Associated 
with the new basic states |84> for a boson there will be a new set 
of oscillator variables ņ4, and corresponding to (17) we shall have 


S|BAB"BY...> = 1anene|0>. (20) 
Thus a ket 7 ,7p...|0> with w’ factors 74, 7g,... must be a linear func- 
tion of kets nany... (0> with wu’ factors na, m),.... It follows that each 
linear operator 7, must be a linear function of the q, s. Equation 


(19) gives 7.410) = 2 Nal ><a" |B*> 
and hence Na = È 1g<x"|B4>. (21) 


Thus the 7’s transform according to the same law as the basic kets for 
a boson. The transformed v’s satisfy, with their conjugate complexes, 
the same commutation relations (11) as the original ones. The trans- 
formed 7’s are on just the same footing as the original ones and hence, 
when we look upon our dynamical system as a set of oscillators, the 
different degrees of freedom have no invariant significance. 

The 7’s transform according to the same law as the basic bras for 
a boson, and thus the same law as the numbers <a%|x> forming the 


representative of a state x. This similarity people often describe by 
3595.57 
` Q 
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saying that the 7,’s are given by a process of second quantization 
applied to <a*|x>, meaning thereby that, after one has set up a 
quantum theory for a single particle and so introduced the numbers 
<a%|2> representing a state of the particle, one can make these num- 
bers into linear operators satisfying with their conjugate complexes 
the correct commutation relations, like (11), and one then has the - 
appropriate mathematical basis for dealing with an assembly of the 
particles, provided they are bosons. There is a corresponding proce- 
dure for fermions, which will be given in § 65. 

Since an assembly of bosons is the same as a set of oscillators, it 
must be possible to express any symmetrical function of the boson 
variables in terms of the oscillator variables 7 and 7. An example 
of this is provided by equation (10) with 7,7, substituted for na. 
Let us see how it goes in general. Take first the case of a function 
of the boson variables of the form 


Up = > Up (22) 


where each U, is a function only of the dynamical variables of the 
rth boson, so that it has a representative <a%|U.|«®> referring to the 
basic kets |a%) of the rth boson. In order that Up may be symmetrical, 
this representative must be the same for all r, so that it can depend 
only on the two eigenvalues labelled by a and b. We may therefore 


waite 1b (olt|U,|ob> = <at|U la> = <aU [b> (23) 
for brevity. We have 
U, jot oft...) = ¥ lot at..0%..><a|U]2,). (24) 


Summing this equation for all values of r and applying the sym- 
metrizing operator S to both sides, we get 


SUp loft of... = > 2 Soft af? ..0%..><a|O|x,>. (25) 


Since Up is symmetrical we can replace SUp by Ur S and can then 
substitute for the symmetrical kets in (25) their values given by (17). 
We get in this way 


Ur Ny Nag: |O> = > 2 Na NZ, Ney Nr |0><a|U |x,> 
= 2 Na >. Nea Na, Nra- |0>8p2,64|U |b), (26) 


n; meaning that the factor 7, must be cancelled out. Now from 
(15) and the commutation relations (11) 


Ny Ne Nee lO = D> Ne) Ney Nery |9 902, (27) 
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(note that 7, is like the operator of partial differentiation 0/0n,), so 
(26) becomes 
Ur Nz Ng [0> -> > Na Np UET naz,- -10> Ca | U |b>. (28) 


The kets 7, ;,---|0> form a complete set, and hence we can infer from 
(28) the operator equation 


U, = 2 Natl U [b> Ap. (29) 


This gives us Up in terms of the n and 4 variables and the matrix 
elements <a|U|b>. 

Now let us take a symmetrical function of the boson variables 
consisting of a sum of terms each referring to two bosons, 


Vr = > Ve (30) 
We do not need to assume V, = V,. Corresponding to (23), V, has 
matrix elements (atablslaral> = <ab|V |ed> (31) 


for brevity. Proceeding as before we get, corresponding to (25), 
SVp| aft az.) = ` > S |a ?..0%..08..><ab|V |x, x) (32) 


rser ab 
and corresponding to (26) 
Vor Na Nex |O> = SMa Mo È, Mae Ney Meroe 0>8,2, Sax Lab V |ed>. (33) 
We can deduce as an extension of (27) 
Te Ña Ney Neer l0 = Dey Ma, Mer Dee en Sars (34) 
so that (33) becomes 
Vr Ne, Nex 10) = È Ma No Ae Ma Mer Mer [0><ab| Ved), 


giving us the operator equation 
Vr = >> Na np<ab|V |cd>7, Na (35) 


The method can readily be extended to give any symmetrical func- 
tion of the boson variables in terms of the 7’s and 7's. 

The foregoing theory can easily be generalized to apply to an 
assembly of bosons in interaction with some other dynamical system, 
which we shall call for definiteness the atom. We must introduce a 
set of basic kets, |’) say, for the atom alone. We can then get a set 
of basic kets for the whole system of atom and bosons together by 
multiplying each of the kets |¢’> into each of the kets (9). We may 
write these kets 


I>, l'at), S| aa?Y, N| atat, seso (36) 
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We may look upon the system as composed of the atom in interaction 
with a set of oscillators, so that it can be described in terms of the 
atom variables and the oscillator variables y,, 7,. Using again the 
standard ket |0> for the set of oscillators, we have 


S |E ataa.. = Na Nb Ne 10> 16>, (37) 
corresponding to (17), as the equation expressing the basic kets 
(36) in terms of the oscillator variables. 

Any function of the atom variables and boson variables which is 
symmetrical between all the bosons is expressible as a function of the 
atom variables and the 7’s and 7’s. Consider first a function Up of 
the form (22) with U, a function only of the atom variables and the 
variables of the rth boson, so that it has a representative (C/a2|U,|6"02). 
This representative must be independent of r in order that Up may 
be symmetrical between all the bosons, so we may write it 
CC'a%|O|C"x. Now let us define <a|U|b> to be that function of the 
atom variables whose representative is (f’a%|U|C" x", so that we have 

Cron Ulea = K'ar Ulea = e'a Ulbe”), (38) 
corresponding to (23). The equations (24)-(28) can now be taken over 
and applied to the present work if both sides of all these equations 
are multiplied by |¢’> on the right, with the result that formula (29) 
still holds. We can deal similarly with a symmetrical function Vp of 
the form (30) with V,, a function only of the atom variables and the 
variables of the rth and sth bosons. Defining <ab|V|cd> to be that 
function of the atom variables whose representative is 

(Cras as Vrela avs > 
we find that formula (35) still holds. 


61. Emission and absorption of bosons 

Let us suppose that the oscillators of the preceding section are 
harmonic oscillators and there is no interaction between them. The 
energy of the ath oscillator is then, from (5) of § 34, 

H, = wa Na Na T bwa. 

We shall neglect the constant term d7iw,, which is the energy of the 
oscillator in its lowest state—the so-called ‘zero-point energy’. This 
neglect does not have any dynamical consequences, as explained at 


the beginning of § 30, and merely involves a redefinition of H,. The 
total energy of all the oscillators is now 


= > H, = > Ney, Na a = >» hw, na (39) 


§ 61 EMISSION AND ABSORPTION OF BOSONS 233 


with the help of (12). This is of the same form as (10), with iw, for 
He. Thus a set of harmonic oscillators is equivalent to an assembly cf 
bosons in stationary states with no interaction between them. If an 
oscillator of the set is in its n'th quantum state, there are n' bosons in 
the associated boson state. 

In general the Hamiltonian for the set of oscillators will be a power 
series in the variables 7,, fas Say 


Hr = Hp+ 2, (Ua Nat Va Na) + > (Uno Na Fie +Van Naot Vab Ha To) +--+» 
| (40) 
where Hp, U,, Uys; Vp are numbers, Hp being real and Upp = Upa. If 
the set of oscillators are in interaction with an atom, as we had at 
the end of the preceding section, the total Hamiltonian will still be 
of the form (40), with Hp, U,,, Unb» Va functions of the atom variables, 
Hp in particular being the Hamiltonian for the atom by itself. A 
general treatment of this dynamical system would be rather compli- 
cated and for practical applications one assumes that the terms 


p+ > Uza Na Na (41) 


are large compared with the others and form by themselves an 
unperturbed system, the remaining terms being taken into account 
as a perturbation producing transitions in the unperturbed system, 
according to the theory of § 44. If, further, U,, is independent of the 
atom variables, the unperturbed system with Hamiltonian (41) con- 
sists merely of an atom with Hamiltonian H, and an assembly of 
bosons in stationary states with Hamiltonian of the form (39), with 
no interaction. 

Let us consider what kinds of transitions are produced by the 
various perturbation terms in (40). Take a stationary state of the 
unperturbed system for which the atom is ina stationary state, ¢’ say, 


and bosons are present in the stationary boson states, a, b, ¢,.... This 
stationary state for the unperturbed system corresponds to the ket 
Na b melO |S, (42) 


like (37). If the term U,n, of (40) is multiplied into this ket, the 
result is a linear combination of kets like 
Ye Na Nb Neos 0>”, | (43) 


t” denoting any stationary state of the atom. The ket (43) refers to 
one more boson than the ket (42), the extra boson being in the state x. 
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Thus the perturbation term U, 7, gives rise to transitions in which 
one boson is emitted into state x and the atom makes an arbitrary 
jump. If the term U, 7, of (40) is multiplied into (42), the result is 
zero unless (42) contains a factor 7, and is then a linear combination 


of kets like Nz Na Np Nore |O> Io”, 


referring to one boson less in state x. Thus the perturbation term 
U7, gives rise to transitions in which one boson is absorbed from 
state x, the atom again making an arbitrary jump. Similarly, we find 
that a perturbation term U,, nz Ny (x Æ y) gives rise to processes in 
which a boson is absorbed from state y and one is emitted into state 
x, or, what is the same thing physically, one boson makes a transition 
from state y to state x. This kind of process would be produced by 
a term like the Up of (22) and (29) in the perturbation energy, pro- 
vided the diagonal elements <a|U |a) vanish. Again, the perturbation 
terms Voy na Nys Voy Az Ty give rise to processes in which two bosons are 
emitted or absorbed, and so on for more complicated terms. With 
any of these emission and absorption processes the atom can make. 
an arbitrary jump. 

Let us determine how the probability of occurrence of each of these 
. transition processes depends on the numbers of bosons originally 
present in the various boson states. From §§ 44, 46 the transition 
probability is always proportional to the square of the modulus of 
the matrix element of the perturbation energy referring to the two 
states concerned. Thus the probability of a boson being emitted into 
state x with the atom making a jump from state ¢’ to state ¢” is 
proportional to 


[KE Kni ng..(n,+1)..|U,, Nani nanay], (44) 


the n”s being the numbers of bosons initially present in the various 
boson states. Now from (6) and (17), with reference to (4), 


|101 na NZD = (My! 705! 5!...) TPP! yt! 5... 105, (45) 

so that Ny |My na. Ng = (ny1) n n5..(n4,+1)..>. (46) 
Hence (44) is equal to 

(m_+1)]<e"|U, 121%, (47) 

showing that the probability of a transition in which a boson is emitted 


into state x is proportional to the number of bosons originally in state x 
plus one. 
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The probability of a boson being absorbed from state x with the 
atom making a jump from state ¢’ to state ¢” is proportional to 


[<2 [<n na- (na — 1). | Uy Talni MyM) [SD |, (48) 
the n”s again being the numbers of bosons initially present in the 
various boson states. Now from (45) 

A_|Ny ng Ng Y = NEIN ng- (Nng 1l), (49) 
so (48) is equal to mC" UEO. (50) 
Thus the probability of a transition in which a boson is absorbed from 
state x is proportional to the number of bosons originally in state x. 
Similar methods may be applied to more complicated processes, 
and show that the probability of a process in which a boson makes 
a transition from state y to state x (x  y)is proportional to n (n+ 1). 
More generally, the probability of a process in which bosons are 
absorbed from states x, y,... and emitted into states a, b,... is propor- 


tional to nin.) (mb 1). (51) 
the n”s being in each case the numbers of bosons originally present. 
These results hold both for direct transition processes and transition 


processes that take place through one or more intermediate states, 
in accordance with the interpretation given at the end of § 44. 


62. Application to photons 

Since photons are bosons, the foregoing theory can be applied to 
them. A photon is in a stationary state when it is in an eigenstate 
of momentum. It then has two independent states of polarization, 
which may be taken to be two perpendicular states of linear polariza- 
tion. The dynamical variables needed to describe the stationary 
states are then the momentum p, a vector, and a polarization variable 
1, consisting of a unit vector perpendicular to p. The variables p and 
l take the place of our previous «’s. The eigenvalues of p consist of 
all numbers from —co to co for each of the three Cartesian com- 
ponents of p, while for each eigenvalue p’ of p, 1 has just two 
eigenvalues, namely two arbitrarily chosen vectors perpendicular 
to p’ and to one another. Owing to the eigenvalues of p forming 
a continuous range, there are a continuous range of stationary 
states, giving us the continuous basic kets |p’l’>. However, the fore- 
going theory was built up in terms of discrete basic kets la> for a 
boson. There are two formalisms which one may use for getting over 
this discrepancy. 
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The first consists in replacing the continuous three-dimensional 
distribution of eigenvalues for p by a large number of discrete points 
lying very close together, forming a dust spread over the whole three- 
dimensional p-space. Let sp be the density of the dust (the number 
of points per unit volume) in the neighbourhood of any point p’. 
Then sp must be large and positive, but is otherwise an arbitrary 
function of p’. An integral over the p-space may be replaced by a 
sum over the dust of points, in accordance with the formula 


[|| fe’) dps dp, dp, = E fp')s5t, (52) 


which formula provides the basis of the passage from continuous p’ 
values to discrete ones and vice versa. Any problem can be worked 
out in terms of the discrete p’ values, for which the theory of §§ 59-61 
can be used, and the results can be transformed back to refer to con- 
tinuous p’ values. The arbitrary density Sp Should then disappear 
from the results. 

The second formalism consists in modifying the equations of the 
theory of §§ 59-61 so as to make them apply to the case of a con- 
tinuous range of basic kets |æ’), by replacing sums by integrals and 
replacing the 6 symbol in the commutation relations (11) by 8 func- 
tions, so far as concerns the variables with continuous eigenvalues. 
Each of these formalisms has some advantages and some disadvan- 
tages. The first is usually more convenient for physical discussion, 
the second for mathematical development. Both will be developed 
here and one or other will be used according to which is more suitable 
at the moment. 

The Hamiltonian describing an assembly of photons interacting 
with an atom will be of the general form (40), with the coefficients 
Hp, U,, Ua Va» involving the atom variables. This Hamiltonian may 


be written Hy = Hp+Hy+Hp, (53) 


where Hp is the energy of the atom alone, H f is the energy of the 
assembly of photons alone, 


Hp == > npr ivp’, (54) 
p 


vy being the frequency of a photon of momentum p’, and Hg is the 
interaction energy, which can be evaluated from analogy with the 
classical theory, as will be shown in the next section. The whole 
system can be treated by a perturbation method as discussed in the 
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preceding section, Hp and Hp providing the energy (41) of the 
unperturbed system and H, being the perturbation energy, which 
gives rise to transition processes in which photons are emitted and 
absorbed and the atom jumps from one stationary state to another. 

We saw in the preceding section that the probability of an absorp- 
tion process is proportional to the number of bosons originally in the 
state from which a boson is absorbed. From this we can infer that 
the probability of a photon being absorbed from a beam of radiation 
incident on an atom is proportional to the intensity of the beam. 
We also saw that the probability of an emission process is propor- 
tional to the number of bosons originally in the state concerned plus 
one. To interpret this result we must make a careful study of the 
relations involved in replacing the continuous range of photon states 
by a discrete set. 

Let us neglevt for the present the polarization variable 1. Let 
|p’p> be the normalized ket corresponding to the discrete photon 
state p’. Then from (22) of § 16 


> [P'D><p'D]| = 1, 
which gives from (52) 


Í |D'D><P'D|s, Pp = 1, (55) 


dp’ being written for dp, dpydp,, for brevity. Now if |p’> is the basic 
ket corresponding to the continuous state p’, we have according to 


(24) of § 16 oy 
i Í Ip ><p'| dp = I, 
which shows, on comparison with (55); that 
[p> = [PDs (56) 
The connexion between |p’> and |p’p> is like the connexion between 
the basic kets when one changes the weight function of the representa- 
tion, as shown by (38) of § 16. 


With n, photons in each discrete photon state p’, the Gibbs 
density p for the assembly of photons is, according to (68) of § 33, 


p = X [p’p>n,<p'p| = | Ip'D>xy<P'D|sy dp 


= | [pnp] dp’ (57) 


with the help of (56). The number of photons per unit volume in the 
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neighbourhood of any point x’ is then <x’|p|x’>, according to (73) 
of § 33. From (57) this equals 


x> = | ¢x'[D>mp <P’ 


== | hny ap’ (58) 


x> dp’ 


<x'|p 


if one puts in the value of the transformation function ¢x’|p’> given 
by (54) of § 23. Equation (58) expresses the number of photons per 
unit volume as an integral over the momentum space, so the inte- 
grand in (58) can be interpreted as the number of photons per unit 
of phase space. We obtain in this way the result that the number of 
photons per unit of phase space is equal to h times the number of 
photons per discrete state, in other words, a cell of volume h? in phase 
space is equivalent to a discrete state. This result is a general one, 
holding for any kind of particle. If the polarization variable of the 
photons is not neglected, the result holds for each of the two indepen- 
dent states of polarization. 

The momentum of a photon of frequency v is of magnitude Av/c, 
so the element of momentum space 

dp, dp, dp, = Per? dvdw, 

dw being an element of solid angle for the direction of the vector p. 
Thus a distribution of photons with np per discrete state, which is 
equivalent to a distribution of A-n, d?pd?x photons in an element 
of volume d’xz and an element of momentum space d*p, equals a 
distribution of n, cy? dvdwd’x photons in an element of volume d*x 
and a frequency range dv ana direction of motion dw. This corre- 
sponds to an energy density np hc-*v° per unit solid angle per unit 
frequency range, or an intensity per unit frequency range (i.e. an 
energy crossing unit area per unit time per unit frequency range) of 


amount I, = n hv®/c?. (59) 


The result that the probability of a photon being emitted is pro- 
portional to nat 1l, np being the number of photons initially present 
in the discrete state concerned, can now be interpreted as the proba- 
bility being proportional to [,,+hv?/c?, where [,, is the intensity of 
the incident radiation per unit frequency range in the neighbourhood 
of the frequency of the emitted photon and having the same polariza- 
tion 1 as the emitted photon. Thus with no incident radiation there 
is still a certain amount of emission, but the emission is increased or 
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stimulated by incident radiation in the same direction and having the 
same frequency and polarization as the emitted radiation. The 
present theory of radiation thus completes the imperfect one of § 45 
by giving both stimulated and spontaneous emission. The ratio it 
gives for the two kinds of emission, namely J,, : hv*/c?, is in agreement 
with that provided by Einstein’s theory of statistical equilibrium 
mentioned in § 45. 

The probability of a photon being scattered from the state pl’ to 
the state p"l” is proportional to npyr(npy +1), the n’s being the 
numbers of photons initially in the discrete states concerned. We can 
interpret this result as the probability being proportional to 

Lay(Lov + hv" /c?) ° (60) 
Similarly for a more general radiative process in which several 
photons are emitted and absorbed, the probability is proportional 
to a factor I„ for each absorbed photon and a factor [,+Av*/c? for 
each emitted photon. Thus the process is stimulated by incident 
radiation in the same direction and with the same frequency and 
polarization as any of the emitted photons. 


63. The interaction energy between photons and an atom 
We shall now determine the interaction energy between an atom 
and an assembly of photons, i.e. the Hg of equation (53), from 
analogy with the classical expression for the interaction energy 
between an atom and a field of radiation. For simplicity we shall 
suppose the atom to consist of a single electron moving in an electro- 
static field of force. The field of radiation may be described by a 
scalar and a vector potential. These potentials are to a certain extent 
arbitrary and may be chosen so that the scalar potential vanishes. 
The field is then completely described by the vector potential A,, 4,, 
A,, or A. The change that the field. causes in the Hamiltonian 
describing the atom is now, as explained at the beginning of § 41, 
Hy = alp +A} — p”! — (p, A) 4A? (61) 
O° 2m c me.’ Ime? ` 
This is the classical interaction energy. The A that occurs here should 
be the value of the vector potential at the point where the electron is 
momentarily situated. It is, however, a good enough approximation 
if we take this A to be the vector potential at some fixed point in the 
atom, such as the nucleus, provided we are dealing with radiation 
whose wavelength is large compared with the dimensions of the atom. 
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Let us first consider the field of radiation classically and ignore its 
interaction with the atom. The vector potential A satisfies, according 
to Maxwell’s theory, the equations 


OA = 0, divA = 0, (62) 


O being short for 0?/c? ot? 0?/dx?—6?/ay?— 6?/az2. The first of these 
equations shows that A can be resolved into Fourier components in 
the form 


A= Í fA, enix) toring 1 A, eilkx)-2rind dak, (63) 


each Fourier component representing a train of waves moving with 
the velocity of light, described by a vector k whose direction gives 
the direction of motion of the waves and whose magnitude |k] is 
connected with their frequency », by 


a7v, = clk]. (64) 


The vector k is just the momentum of a photon which the quantum 
theory would associate with these waves, divided by #. For each 
value of k we have an amplitude A,, which is in general a complex 
vector, and the integral in (63) extends over the whole of the three- 
dimensional k-space. The second of equations (62) gives . 


(k, A,) = 0, (65) 
showing that, for each value of k, Ax is perpendicular to k. This 
expresses that the waves are transverse waves. A,, 1s determined by 
its two components in two directions perpendicular to each other and 


to k, these two components corresponding to two independent states 
of linear polarization. 


The total energy of the radiation is given by the volume integral 
Hp = (8r) | (624 R?) dix (66) 
taken over the whole of space, where the electric field € and the 
magnetic field Æ of the radiation are given by 
e=- 1A we oA. (67) 
c ot 
Using standard formulas of vector analysis, we have 
div[A x Æ] = (#, curl A)—(A, curl A) = #2—(A, curl curl A) 
= H(A, VA) 
with the help of the second of equations (62). Thus (66) becomes, 
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with neglect of a term which can be transformed to a surface integral 


at infinity, 
fl /oA ə 
Hy = (8m) | [2A A 
\c?\ ot ôt 
By substituting for A here its value given by (63), we can get the 
energy of the radiation in terms of the Fourier amplitudes A,. The 
energy of the radiation is constant (since we are now ignoring the 
interaction of the radiation and the atom), so in this calculation we 
may take t = 0. This means taking 


A = | (Ay +A_,Jet Bh, (69) 


-4 vea)| dn, (68) 


VA = — f k?(A, + A_, Je d3k, 
aA/at = ic f Ik|(A,,—A_,)e~™) d3k. (70) 
Inserting these expressions in (68), we get 
Hy = (87) |f {KAHA Aye FA) — 
—|k||k’|(A,—A_,, Ay —A_, Jee Mk) kdk dx 
= m? |f {kA +A 4, Ar HA) — 
— |k] |k (Ar~ A-1 Aye Ay )}5(K-+k’) dkak’, 


with the help of formula (49) of § 23, 6(k-+k’) being the product of 
three factors, one for each component of k. Hence 


Hg = n° f k*((A, tA A_y-+Ax)—(Ay—A_t: A_,—A,)} dk 
= 27" | k3 (Ax, A) + (Aio Ax) d?’k 
= 4r? f k?(A,, A,) dk. (71) 


We can replace the continuous distribution ot K-values by a dust of 
discrete k-values,, like we did with the p-values in the preceding 
section. The integral (71) then goes over, according to formula (52), 


into the sum Hp = 47? ¥ k%(Ay, Ay)sz3, 
k 


s, being the density of the discrete k-values. We may also write 
this as Hy = 4r? Y KA Ay seh, (72) 
ki 


A,, being a component of A, in a direction | perpendicular to k and 
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‘the summation with respect to 1 referring to two directions 1 perpen- 
dicular to each other. Thus there is one term in (72) for each inde- 
pendent stationary state for a photon. 

The field quantities € and # at any point x can be looked upon 
as dynamical variables. The quantities 


— 2rivk t A — A —Q7rivy f 
A sy = Ayy ea, A gy = Ayer 


are then dynamical variables at time t, since they are connected with 
€ and Æ at various points x at time t by equations which do not 
involve ¢, as follows from (63) and (67). A is constant, so Apy varies 
with ¢ according to the simple harmonic law. Thus A,,, is like the », 
of a harmonic oscillator, defined by (3) of § 34, the w of the oscillator 
being 2av,. We may take each Apy to be proportional to the y; of 
some harmonic oscillator and then the field of radiation becomes a 
set of harmonic oscillators. 

Let us now pass over to the quantum theory and take the A p Axy 
to be dynamical variables in the Heisenberg picture. The expression 
(72) for the energy may be retained unchanged, the order in which 
the factors A,,, 4,, there occur being the correct one to give no zero- 
point energy. The Apy then still vary with time according to the et% 
law and may still be taken to be proportional to the n,’s of harmonic 
oscillators. The factor of proportionality may be obtained by equat- 
ing (72) to the expression (39) for the energy, with the label a replaced 
by the two labels k and I and with Av, for iw,. This gives 


4r? > KA Ai Se) = 2 Avy Met Nki 


the suffix ¢ being inserted to show that we are dealing with Heisenberg 
dynamical variables (as we should when transferring equations of the 
classical theory to the quantum theory). Hence, using (64), 


4077 Apyu = Chive Ngu si, (73) 


with neglect of an unimportant arbitrary phase factor. In this way 
the Heisenberg dynamical variables nyy, which describe the field of 
radiation as a set of oscillators, are introduced. The commutation 
relations between the Ngy and 7, are known, being given by (11), so 
equation (73) fixes the commutation relations between the Apy and 
A, It thus fixes the commutation relations between the potentials 
A and the field quantities € and Æ at various points x at the time f. 
(Incidentally, the commutation relations of the A,,, Ay, are fixed, 
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so the commutation relation of two potential or field quantities at 
two different times is also fixed.) 

We can still use (73) when the interaction between the field of 
radiation and the atom is taken into account. This involves assuming 
that the interaction does not affect the commutation relations . 
between the potentials and field quantities at a given time. The 
interaction causes the nyy S to cease to vary according to the simple 
harmonic law and the oscillators to cease to be harmonic. Thus it 
may affect the commutation relation between two potential or field 
quantities at two different times. 

We can now take over the interaction energy (61) into the quantum 
theory, putting p, for p to show it is a Heisenberg dynamical variable. 
Taking the atomic nucleus to be at the origin we get, by substituting 
(63) with x = 0 into (61), ! 


e — 
w= TF, f (Dy, Arit A) A+ 
e? — — 
+ specs || (Aut Bao Mert Ben) PeR 


e — g? — — 
= ne > (By, Akt Ang) 8° -+ mee > (At Ang, ArH Ani) si Sie" 
k kk 
if we pass from continuous to discrete k-values. Thus 


e =- _ 
= Te > Pul rutks + 


Py being the component of p; in the direction 1. With the help of (73) 
we may express Hy, in terms of the nyy and 7,4, and we can then drop 
the suffix ¢ (which means going over.to Schrodinger dynamical 
variables), so that we obtain finally 


eh* a Zn 
Ho = 472m > Pir« Hna t ut) Sk tt 


eh 


3974 > vi Mi (Mat Ta) Mert Her) se tse? (74) 


KKH 

With the model of the atom we are using, the interaction energy 
appears as a linear plus a quadratic function in the 7’s and 7's. The 
linear terms give rise to emission and absorption processes, the 
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quadratic ones to scattering processes and processes in which two 
photons are absorbed or emitted simultaneously. The order of the 
factors ņn and 7 in the quadratic terms is not determined by the 
procedure of working from the classical theory, but this order is 
unimportant, since a change in it merely changes Hy by a constant. 

The matrix element of Ho referring to the emission of a photon 
into the discrete state KI, or into the discrete state p’l, as it may also 
be labelled, with the atom jumping from state a? to state a’, is 


har eh? _ 
<p’ Dlo |g |x = Ln < pilose? = = valour g S æ |, |x >s5 ? 


since s, = Sp…ň°. The p, occurring here, referring to the momentum 
of the electron, is, of course, quite distinct from the other letters p, 
referring to the momentum of the emitted photon. To avoid con- 
fusion we shall replace the electron momentum p by mx, these two 
dynamical variables being the same for the unperturbed atom. Pass- 
ing over to continuous photon states by means of the conjugate 
imaginary of equation (56), we get 


(p'le’ [Ho lx?) = a anv) ; Ca | Žı|œo>- (75) 


Similarly, the matrix element of Họ referring to the absorption of a 
photon from the continuous state pl with the atom jumping from 
state a? to state a’ is 


<a’ | Hg |p"la®> = mog <o' 4 |", (76) 


Ham vo)! 


and the matrix element referring to the scattering of a photon from 
the continuous state p°%l® to the continuous state p’l’ with the atom 
jumping from state « to state œ’ is 

e2 


p’ t ot” |g | pla 05 = — E TE (l 


1°) Byes (77) 
there being two terms in (74) which contribute to it. These matrix 
elements will be used in the next section. The matrix elements 
referring to the simultaneous absorption or emission of two photons 
may be written down in the same way, but they lead to physical 


effects too small to be of practical importance. 


64. Emission, absorption, and scattering of radiation 
We can now determine directly the coefficients of emission, absorp- 
tion, and scattering of radiation by substituting in the formulas of 
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Chapter VIII the values for the matrix elements given by (75), (76), 
and (77). 

For determining the emission probability we can use formula 
(56) of §53. This shows that for an atom in a state a? the proba- 
bility per unit time per unit solid angle of its spontaneously emitting 
a photon and dropping to a state «’ of lower energy is 

4n? me i 

O T aam 

Now the energy and momentum of a photon of frequency v are 
W = h, P = wfe. 
Again, from the Heisenberg law (20) of § 29, 
Kot’ |diy la> = —2riv(a a) Coe" ||”, 

v(x’) being the frequency connected with transitions from state a? 
to state «’, which in vne present case is just the frequency v of the 
emitted radiation. These results substituted in (78) make the emis- 
sion coefficient reduce to 


2 , 
CAAC ° (78) 


CT [da era? (79) 
To obtain the rate of emission of energy per unit solid angle for a 
specified polarization, we must multiply this by Av. This gives for 
the total rate of emission of energy in all directions 
t Env) 
3 
which is in agreement with expression (34) of § 45 and justifies Heisen- 
berg’s assumption for the interpretation of his matrix elements. 
In the same way the absorption coefficient, given by formula 
(59) of § 53, becomes for photons 


4n*h?Wie 1 He 0\| 8r 

-2p i amj” [ži|a’> 
This absorption coefficient refers to an mnoident beam of one photon 
crossing unit area per unit time per unit energy range. If we take 
one per unit frequency range instead of energy range, as is usual 
when dealing with radiation, the absorption coefficient becomes 


5 Kalera’) I? 


This result is the same as a of § 45, if we substitute for the H, 
there the energy hv of a single photon. Thus. the elementary theory 


3595.57 B 


|<a"Jex|a®]*, (80) 


[Ka exa)”. 


ar 
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of § 45, in which the radiation field is treated as an external perturba- 
tion, gives the correct value for the absorption coefficient. 

This agreement between the elementary theory and the present 
theory could be inferred from general arguments. The two theories 
differ only in that the field quantities all commute with one another 
in the elementary theory and satisfy definite commutation relations 
in the present theory, and this difference becomes unimportant for 
strong fields. Thus the two theories must give the same absorption 
and emission when strong fields are concerned. Since both theories 
give the rate of absorption proportional to the intensity of the inci- 
dent beam, the agreement must hold also for weak fields in the case of 
absorption. In the same way the stimulated part of the emission in the 
present theory must agree with the emission in the elementary theory. 

Let us now consider scattering. The direct scattering coefficient is 
given by formula (38) of § 50. Such scattering of photons will not be 
accompanied by any change of state of the atom on account of the 
factor yva in the expression for the matrix element (77). Thus the 
final energy W’ of the photon will equal its initial energy W°. The 
scattering coefficient now reduces to 


e#/mect. (1'10)2, 


This is the same as that given by classical mechanics for the scattering 
of radiation by a free electron. We thus see that the direct scatter- 
ing of radiation by an electron in an atom is independent of the atom 
and is correctly given by the classical theory. This result, it should 
be remembered, holds only provided the wavelength of the radiation 
is large compared with the dimensions of the atom. 

The direct scattering is a mathematical concept and cannot be 
separated out experimentally from the total scattering, given by 
formula (44) of § 51. Let us see what this total scattering is in the 
case of photons. We must be careful in our application of formula 
(44) of § 51. The summation 2 in this formula may be considered as 


representing the contribution to the scattering of double transitions 
consisting of transitions firstly from the initial state to state k and 
secondly from state & to the final state. The first transition may be 
an absorption of the incident photon and the second an emission of 
the required scattered photon, but it is also possible for the first 
transition to be the emission and the second the absorption. It is 
clear from the general nature of the method used for deriving formula 
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(44) of § 51 that both these kinds of double transitions must be in- 
cluded in the summation > when this formula is applied to photons, 
k 


although only the first of them appears in the actual derivation given 
in § 51, as the possibility of the particle being created or annihilated 
was not taken into account there. 

We use zero, single prime, and double prime to refer to the initial, 
final, and intermediate states of the atom respectively, and zero and 
single prime to refer to the absorbed and emitted photons respec- - 
tively. Then, for the double transition of absorption followed by 
emission, we must take for the matrix elements 


k| V pat),  <p'a'|V k> 
of the formula (44) of § 51 
<k|V|p®a®> = <a" |Hg |p), p’a’ |Vik> = cpl’ oe” | Ig [on 
Also E'— E, = hv’ + Hp(0°)—Ap(a") = h[p°—v(a"«°)], 
where hv(a"x®) = Hp(a")— Hp(°*). 
Similarly, for the double transition of emission followed by absorption 
we must take 
<k|V | p> = <p’l’a"|Hp|o, <p’a'|V|k> = <a’ | Hol pia” 
and 
E'—E,, = h 4Hp(t)—Hpla")— hv — hv’ = —h|v' +rla"a?)], 
there being now two photons, of frequencies y? and v’, in existence 
for the intermediate state. Substituting in (44) of § 51 the values of 


the matrix elements given by (75), (76), and (77), we get for the 
scattering coefficient 


et vih q, 
aap — (L1) wrae t 
Co" [ty COACHELLA Ca [iyo |cu"”> la" ltra? ?] ° 
+ v9 — v(ce"®) vy’ +v(a"e®) f (81) 


If we write (81) in terms of x instead of z, we get 


4 Ca [ay |") Cot! trola?) O 


110) 8 o — po "y0 
alaam ) x'a > v(a œ )v(oe y v?—v(a"a?) 
_ So eela a ir ° 

vy’ + (ca) 
We can simplify (82) with the help of the quantum conditions. 
We have 


(27e)? 2re)t v 
hct p? 


. (82) 


vy Tjo — Xyo Ly — 0, 
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which gives 
S {a fry |e”) <x" oly — a'eo" ya" fry a>} = 0, (83) 
and also j | 
ty Lp— pzy = l/m. (ty Pp—ppty) = t/m. (T°), 


which gives 
F {ce fry la") (a'a?) a" tola) — olaa") a” faye ex”). <a" lerla} 


LL amay E 
m 27m 


= . (LP) dye. (84) 
2t 


Multiplying (83) by v’ and adding to (84), we obtain 

> {<a Zp a> Coe" |£ [oe Lv! + v(x) | — Ca’ |x yo oe" > Cav" leyla" +r(x'a")) 
i = 2am. (V10) 8 yoo 
If we substitute this expression for #/27m.(11°)6,.,. in (82), we 


obtain, after a straightforward reduction making use of identical 
relations between the v’s, 


Ore) oys] 5 [s lao el B a leelo > Cet fer e>) 
h?ct n v?°—vy(a"a?) v -+v(æ"a?) 

This gives the scattering coefficient in the form of the effective 

area that a photon has to hit per unit solid angle of scattering. Itis 

known as the Kramers-Heisenberg dispersion formula, having been first 

obtained by these authors from analogies with the classical theory 

of dispersion. 

The fact that the various terms in (82) can be combined to give 
the result (85) justifies the assumption made in deriving formula (44) 
of § 51, that the matrix elements <p’a’|V|p’«"> of the interaction 
energy are of the second order of smallness compared with the 
<p’a’|V|k> ones, at any rate when the scattered particles are photons. 


2 


. (85) 


poy’ 


65. An assembly of fermions 

An assembly of fermions can be treated by a method similar to 
that used in §§ 59 and 60 for bosons. With the kets (1) we may use 

the antisymmetrizing operator A defined by 
A =u! P, (2) 
summed over all permutations P, the + or — sign being taken 
according to whether P is eyen or odd. Applied to the ket (1) it gives 
w! S 4 Plod ab of...0%> = AlataPa’...o, (3’) 


a ket corresponding to a state for an assembly of u’ fermions. The 
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ket (3’) is normalized provided the individual fermion kets |œ”), |x?),... 
are all different, otherwise it is zero. In this respect the ket (3’) is 
simpler than the ket (3). However, (3’) is more complicated than (3) 
in that (3’) depends on the order in which af, a”, «’,... occur in it, 
being subject to a change of sign if an odd permutation is applied 
to this order. 

We can, as before, introduce the numbers n4, na, ”3,... of fermions 
in the states a®, x), «®),... and treat them as dynamical variables or 
observables. They each have as eigenvalues only 0 and 1. They form 
a complete set of commuting observables for the assembly offermions. 
The basic kets of a representation with the n’s diagonal may be taken 
to be connected with the kets (3’) by the equation 

A latata... = + [Ni Ng Nng... (6°) 
corresponding to (6), the n”s being connected with the variables 
at, x of... by equation (4). The + sign is needed in (6’) since, for 
given. n”s, the occupied states «%, œt, «°,... are fixed but not their 
order, so that the sign of the left-hand side of (6’) is not fixed. To 
set up a rule which determines the sign in (6’), we must arrange all 
the states « for a fermion arbitrarily in some standard order. The 
«’s occurring in the left-hand side of (6’) form a certain selection from 
all the a’s and the standard order for all the a’s will give a standard 
order for this selection. We now make the rule that the + sign should 
occur in (6’) if the «’s on the left-hand side can be brought into their 
standard order by an even permutation and the — sign if an odd 
permutation is required. Owing to the complexity of this rule, 
the representation with the basic kets |n,n,n 3...) is not a very 
useful one. 

If the number of fermions in the assembly is variable, we can set 
up the complete set of kets 

I>, laa, Alatu>, AlatuPa®>, aas (9°) 
corresponding to (9). A general ket is now expressible as a sum of 
the various kets (9°). 

To continue with the development we introduce a set of linear 
operators 4, 7, one pair na: 7, corresponding to each fermion state af, 
satisfying the commutation relations 


Na Not No Na = O, 
Na Nyt No Na = 0, (11) 
Na Not No Na = Sap: 
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These relations are like (11) with a + sign instead of a — on the left- 
hand side. They show that, fora Æ b, y, and 7, anticommute with 
n, and 7, while, putting b = a, they give 
ma=9, 7=9,  atat ata = 1- (11") | 

To verify that the relations (11’) are consistent, we note that linear 
operators 7, 7 satisfying the conditions (11’) can be constructed in 
the following way. For each state œ% we take a set of linear operators 
Oza like the c}, o,, o, introduced in § 37 to describe the spin 


xta? o a? ~Z 

of an electron and such that o,,, Cyas Oza commute with o,,, oy, Ozb 
for b Æa. We also take an independent set of linear operators €,, 
one for each state «*, which all anticommute with one another and 
have their squares unity, and commute with all the o variables. 


Then, putting 


Co 


Na = ZbalOra— lO ya) > Na = 2oalFzq+ ya); 
we have all the conditions (11’) satisfied. 
From (11") 


(Na Na)? = Na Na Na Na = Nall—e a) ha = Na Na 
This is an algebraic equation for haña, showing that 7,7, 1s an 
observable with the eigenvalues 0 and 1. Also 7,7, commutes with 
ny 7, for b Æ a. These results allow us to put 


Na Na = Na, (12°) 
the same as (12). From (11”) we get now 
Na Na = l— na, (13) 


the equation corresponding to (13). 
Let us write the normalized ket which is an eigenket of all the n’s 
belonging to the eigenvalues zero as |0>. Then 


20> = 0, 
so from (12’) Ola Bal = 0. 
Hence 7,\0> = 9, l (15) 


like (15). Again 
CO] Ha Nal = Ana) = <0|0> = I, 
showing that 7,,|/0> is normalized, and 
Me Nal = Na Ma Na lOS = Nal — na) [0> = Nal, 
showing that 7,,/0> is an eigenket of n, belonging to the eigenvalue 


unity. It is an eigenket of the other n’s belonging to the eigenvalues 
zero, since the other »’s commute with n,e By generalizing the 
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argument we see that nan %e--4y/0” is normalized and is a simul- 
taneous eigenket of all the n’s, belonging to the eigenvalues unity 
for Na, My; Nes) Ng and zero for the other n’s. This enables us to put 

Alata = Na Ny Ne Ng, (17) 
both sides being antisymmetrical in the labels a, b, ¢,...,g. We have 
here the analogue of (17). 

If we pass over to a different set of basic kets |B+> for a fermion, 
we can introduce a new set of linear operators 7, correspor.ding to 
them. We then find, by the same argument as in the case cf bosons, 
that the new 7’s are connected with the original ones by (21). This 
shows that there is a procedure of second quantization for fermions; 
similar to that for bosons, with the only difference that the commu- 
tation relations (11’) must be employed for fermions to replace the 
commutation relations (11) for bosons. 

A symmetrical linear operator Up of the form (22) can be expressed 
in terms of the 7, 7 variables by a similar method to that used for 
bosons. Equation (24) still holds, and so does (25) with S replaced 
by A. Instead of (26) we now have 


Ur Ne, Ney |9> = 2 (—) Na NE! Nay Nzala LU |,> 
= 2 Na 2 (~)! ny Nay 10>8p2, (al b>, (26°) 


nz! meaning that the factor ny, must be cancelled out, without its 
position among the other 7,,’s being changed before the cancellation. 
Instead of (27) we have 


Np UET N rate [0> = > (=n; Nt UEI [0> òp z» (27°) 


so (28) holds unchanged and thus (29) holds unchanged. We have 
the same final form (29) for Up in the fermion case as in the boson 
case. Similarly, a symmetrical linear operator Vp of the form (30) can 


be expressed as _ 8 is 
p Vip = > Mu ny<ao|V ed Hu Hes (35) 
aoe 


the same as one of the ways of writing (35). 

The foregoing work shows that there is a deep-seated analogy 
between the theory of fermions and that of bosons, only slight 
changes having to be made in the general equations of the formalism 
when one passes from one to the other. 

There is, however, a development of the theory of fermions that 
has no analogue for bosons. For fermions there are only the two 


-7 ~~~ ~~, 
pi lf Aa NS 
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alternatives of a state being occupied or unoccupied and there is 
symmeiry between these two alternatives. One can demonstrate the 
symmetry mathematically by making a transformation which inter- 
changes the concepts of ‘occupied’ and ‘unoccupied’, namely 

Na = Na to = Na» 

na = Na Na = 1-4. 
The creation operators of the unstarred variables are the annihilation 
operators of the starred variables, and vice versa. Thestarred variables 
are now seen to satisfy the same quantum conditions and to have all 
the same properties as the unstarred ones. 

If there are only a few unoccupied states, a convenient standard 

ket to work with would be the one for which every state is occupied, 
namely |0*» satisfying 


nal0*> = |0*). 
It thus satisfies nžl0*» = 0, 
or 7a |O*) = 0. 


Other states for the assembly will now be represented by 


Na o Ne---|0*), 
in which variables appear referring to the unoccupied fermion states 
a,6,c.... We may look upon these unoccupied fermion states as holes 
among the occupied ones and the ņ* variables as the operators of 
creation of such holes. The holes are just as much physical things 
as the original particles and are also fermions. 


XI 
RELATIVISTIC THEORY OF THE ELECTRON 


66. Relativistic treatment of a particle - 
TuE theory we have been building up so far is essentially a non- 
relativistic one. We have been working all the time with one par- 
ticular Lorentz frame of reference and have set up the theory as an 
analogue of the classical non-relativistic dynamics. Let us now try 
to make the theory invariant under Lorentz transformations, so that 
it conforms to the special principle of relativity. This is necessary in 
order that the theory may apply to high-speed particles. There is no 
need to make the theory conform to general relativity, since general 
relativity is required only when one is dealing with gravitation, and 
gravitational forces are quite unimportant in atomic phenomena. 

Let us see how the basic ideas of quantum theory can be adapted 
to the relativistic point of view that the four dimensions of space- 
time should be treated on the same footing. The general principle 
of superposition of states, as given in Chapter I, is a relativistic 
principle, since it applies to ‘states’ with the relativistic space-time 
meaning. However, the general concept of an observable does not fit 
in, since an observable may involve physical things at widely separated 
points at one instant of time. In consequence, if one works with a 
general representation referring to any complete set of commuting 
observables, the theory cannot display the symmetry between space 
and time required by relativity. In relativistic quantum mechanics 
one must be content with having one representation which displays 
this symmetry. One then has the freedom to transform to another 
representation referring to a special Lorentz frame of reference if it 
is useful for a particular calculation. | 

For the problem of a single particle, in order to display the sym- 
metry between space and time we must use the Schrodinger repre- 
sentation. Let us put 2,, £o, £ for x, y, z, and x, for ct. The time- 
dependent wave function then appears as 4b(%)%,%_%3) and provides 
us with a basis for treating the four z’s on the same footing. 

We shall use relativistic notation, writing the four z’s as x, 
(u = 0, 1, 2, 3). Any space-time vector with four components which 
transform under Lorentz transformations like the four elements dz, 


will be written like a, with a lower Greek suffix. We may raise the 
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suffix according to the rules 

a? = ap a = —a,, a = —a,, a = — a3. (1) 
The a, are called the contravariant components of the vector a, and 
the a! the covariant components. Two vectors a, and b, have a 


Lorentz-invariant scalar product 
Ao by — 4, 6; — Ay bg bg = ab, = a, OF, 

a summation being implied over a repeated letter suffix. The funda- 
mental tensor g#” is defined by 

g% = 1, gi = g = g? = —1, 

| @) 
g” = 0 forpu Ær. 
With its help the rules (1) connecting covariant and contravariant 
components may be written 
qe == gada, 

In the Schrödinger representation the momentum, whose com- 
ponents will now be written Pı, P2, Pa instead of Pa Py, Pz iS equal 
to the operator 

p, = —ihojəx, (r= 1, 2, 3). (3) 
Now the four operators 6/éx, form the covariant components of a 
4-vector whose contravariant components are written 0/éx#. So to 
bring (3) into a relativistic theory, we must first write it with its 
suffixes balanced, p, = th a/c", 


and then extend it to the complete 4-vector equation 
Py = wh 0/dx. (4) 
We thus have to introduce a new dynamical variable pọ, equal to 
the operator th 2/déx,. Since it forms a 4-vector when combined with the 
momenta p,, it must have the physical meaning of the energy of the 
particle divided by c. We can proceed to develop the theory treating 
the four p’s on the same footing, like the four x’s. | 
In the theory of the electron that will be developed here we shall 
have to introduce a further degree of freedom describing an internal 
motion of the electron. The wave function will thus have to involve 
a further variable besides the four x’s. 


67. The wave equation for the electron 


Let us consider first the case of the motion of an electron in the 
absence of an electromagnetic field, so that the problem is simply 
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that of the free particle, as dealt with in § 30, with the possible 
addition of internal degrees of freedom. The relativistic Hamiltonian 
provided by classical mechanics for this system is given by equation 
(23) of § 30, and leads to the wave equation 

{Po— (mc? + pi-+ pi +p3)!}p = 0, (5) 
where the p’s are interpreted as operators in accordance with 
(4). Equation (5), although it takes into account the relation between 
energy and momentum required by relativity, is yet unsatisfactory 
from the point of view of relativistic theory, because it is very un- 
symmetrical between p, and the other p’s, so much so that one cannot 
generalize it in a relativistic way to the case when there is a field 
present. We must therefore look for a new wave equation. 

If we multiply the wave equation (5) on the left by the operator 
{pn o+(mc?-+ p}+ pi-+p3)!}, we obtain the equation 

{pp—mc?— pi — pe—payh = 0, (6) 
which is of a relativistically invariant form and may therefore more 
conveniently be taken as the basis of a relativistic theory. Equation 
(6) is not completely equivalent to equation (5) since, although every 
solution of (5) is also a solution of (6), the converse is not true. Only 
those solutions of (6) belonging to positive values for pọ are also 
solutions of (5). 

The wave equation (6) is not of the form required by the general 
laws of the quantum theory on account of its being quadratic in pp. 
In § 27 we deduced from quite general arguments that the wave 
equation must be linear in the operator 3/ðt or po, like equation (7) 
of that section. We therefore seek a wave equation that is linear 
in p, and that is roughly equivalent to (6). In order that this wave 
equation shall transform in a simple way under a Lorentz transforma- 
tion, we try to arrange that it shall be rational and linear in Py Po; 
and p as well as in pọ, and thus-ef the form 


{Po— a Pı 2 Pa— as Pa— BJs = 0, (7) 
where the «’s and £ are independent of the p’s. Since we are consider- 
ing the case of no field, all points in space-time must be equivalent, 
so that the operator in the wave equation must not involve the z’s. 
Thus the «’s and f must also be independent of the x’s, so that they 
must commute with the p’s and the z’s. They therefore describe 
some new degree of freedom, belonging to some internal motion in 
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the electron. We shall see later that they bring in the spin of the 
electron. 

Multiplying (7) by the operator {pa + a1 Pı + a Po+%3 P3+f} on the 
left, we obtain 


[PB F [ot p} + (on aHan) pi Pat (04 B+ Boa) Pa] BF] = 0, 


where > refers to cyclic permutations of the suffixes 1,-2, 3. This is 
123 


the same as (6) if the «’s and £ satisfy the relations 


2 — — 
a, = |, Oy Xp +A, %4 = O, 


P = me, a,P+Ba, = 9, 
together with the relations obtained from these by permuting the 
suffixes 1, 2, 3. If we write 
P = a, Me, 

these relations may be summed up in the single one, 

Xa hp tay % = 264, (a, 6 = 1, 2, 3, or m). (8) 
The four «’s all anticommute with one another and the square of 
each is unity. 

Thus by giving suitable properties to the «’s and 8 we can make 
the wave equation (7) equivalent to (6), in so far as the motion of 
the electron as a whole is concerned. We may now assume (7) is the 
correct relativistic wave equation for the motion of an electron in 
the absence of a field. This gives rise to one difficulty, however, 
owing to the fact that (7), like (6), is not exactly equivalent to (5), 
but allows solutions corresponding to negative as well as positive 
values of p. The former do not, of course, correspond to any actually 
observable motion of an electron. For the present we shall consider 
only the positive-energy solutions and shall leave the discussion of 
the negative-energy ones to § 73. 

We can easily obtain a representation of the four a’s. They have 
similar algebraic properties to the o’s introduced in § 37, which o's 
can be represented by matrices with two rows and columns. So long 
as we keep to matrices with two rows and columns we cannot get a 
representation of more than three anticommuting quantities, and we 
have to go to four rows and columns to get a representation of the 
four anticommuting «’s. It is convenient first to express the «’s in 
terms of the o’s and also of a second similar set of three anticom- 
muting variables whose squares are unity, pı, po, p3 say, that are 
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independent of and commute with the o’s. We may take, amongst 
other possibilities, 


Oy = Pili Xa = P172, X3 = P173, Xm = Pa» (9) 
and the «’s will then satisfy all the relations (8), as may easily be 


verified. If we now take a representation with p, and o, diagonal, 
we shall get the following scheme of matrices: 


o= /0 1 0 0\ a= /0—i 0 0\ o= /l 0 0 0 
1 0 0 0 t 0 0 0 0—1 0 0 
0 0 Q 1 0 0 0—4 0 0 1 9 
0 0 1 0 0 0 4 0 0 0 Q0 —i 

o= /0 0 1 0\ p= /0 0—i.0\ p= /l 0 0 0 
0 0 0 | 0 0 0-1 0 1 0 9 
1 0 0 90 t 0 0 0 0 O-—I 9 
0 1 0 0 0 4 0 0 0 0 0 —i;/. 

It should be noted that the p’s and o’s are all Hermitian, which makes 


the «’s also Hermitian. 

Corresponding to the four rows and columns, the wave function ¢ 
must contain a variable that takes on four values, in order that the 
matrices shall be capable of being multiplied into it. Alternatively, 
we may look upon the wave function as having four components, each 
a function only of the four x’s. We saw in § 37 that the spin of the 
electron requires the wave function to have two components. The 
fact that our present theory gives four is due to our wave equation 
(7) having twice as many solutions as it ought to have, half of them 
corresponding to states of negative energy. _ 

With the help of (9), the wave equation (7) may be written with 
three-dimensional vector notation 


{Po— ple, P)— pg me} = 0. (10) 
To generalize this equation to the case when there is an electro- 
magnetic field present, we follow the classical rule of replacing pọ and 
p by pe+e/c. 4, and p+e/c.A, A, and A being the scalar and vector 
potentials of the field at the place where the electron is. This gives 
us the equation 


[p+ 4—0, p-+5A}—pameld = 0, (11) 


which is the fundamental wave equation of the relativistic theory of 
the electron. 
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The four components of yin (10) or (11) should be pictured as written 
one below another, so as to form a single-column matrix. The square 
matrices p and o then get multiplied into the single-column matrix y 
according to matrix multiplication, the product being in each case 
another single-column matrix. The conjugate imaginary wave func- 
tion that represents a bra should be pictured as having its four com- 
ponents written one beside another, so as to form a single-row matrix, 
which can be multiplied from the right by a square matrix p or o to give 
another single-row matrix. We denote this conjugate imaginary wave 
function pictured as a single-row matrix by 1, using the symbol Ý to 
denote the transpose of any matrix, i.e. the result of interchanging 
the rows and columns, Then the conjugate imaginary of equation (11) 
reads 

l 


P|p +4 afo, p+ ŽA) — pame) — 0, . (12) 


in which the operators p operate to the left. An operator of differentia- 
tion operating to the left must be interpreted according to (24) of § 22. 


68. Invariance under a Lorentz transformation 

Before proceeding to discuss the physical consequences of the wave 
equation (11) or (12), we shall first verify that our theory really is 
invariant under a Lorentz transformation, or, stated more accurately, 
that the physical results the theory leads to are independent of the 
Lorentz frame of reference used. This is not by any means obvious 
from the form of the wave equation (11). We have to verify that, if 
we write down the wave equation in a different Lorentz frame, the 
solutions of the new wave equation may be put into one-one corre- 
spondence with those of the original one in such a way that corre- 
sponding solutions may be assumed to represent the same state. For 
either Lorentz frame, the square of the modulus of the wave function, 
summed over the four components, should give the probability per 
unit volume of the electron being at a certain place in that Lorentz 
frame. We may call this the probability density. Its values, calculated 
in different Lorentz frames for wave functions representing the same 
state, should be connected like the time components in these frames 
of some 4-vector. Further, the 4-dimensional divergence of this 4- 
vector should vanish, signifying conservation of the electron, or that 
the electron cannot appear or disappear in any volume without passing 
through the boundary. 
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For brevity it is convenient to introduce the symbol ay = 1 and to 
suppose that the suffixes of the four a, (u = 0, 1, 2, 3) can be raised 
in accordance with the rules (1), even though these four «’s do not 
form the components of a 4-vector. We can now write the wave 
equation (11) {at'(p, +e/c.A,,)—a,, moy = 0. (13) 
The four « satisfy 

aby, av tara, at = An (14) 
with g” defined by (2), as one can verify by taking separately the cases 
when u and v are both 0, when one of them is 0, and when neither of 
them is 0. 

Let us apply an infinitesimal Lorentz transformation and distinguish 
quantities referring to the new frame of reference by astar. The com- 
ponents of the 4-vector p, will transform according to equations of 


th 
e type Pi = Pu Fau Prs (15) 


where the a,,” are small numbers of the first order. We shall neglect 
quantities that are quadratic in the a’s and thus of the second order. 
The condition for a Lorentz transformation is that 


pipet = p, pe, 
which gives aP P +p, ap, = 0, 
leading to aby t gyh = Q0. (16) 


The components of A, will transform according to the same law, so 
we have 


+e/c.A,, = pi+e/c.Ai—a,”"(py+e/ce.Aj). 


Thus the wave equation (13) becomes 


{(c#—oAayt)( p+ e/¢.“A*)—ot, meh = 0. (17) 
Define | M = 5A, PAn. (18) 


Then from (14) 
abe, W—-Ma,, ok = ja pg (OH Oy AP A oa, A) An a7 — 


m 
— LP Oty (HHO, aH LOL, a)y 
— FApo PaT — xg?) 


= —G,HoP 
with the help of (16), and hence 
t(l +-om M) = (1+ Ma,,)(at—a,HoP). (19) 
Thus, multiplying (17) by (1+ Ma,,) on the left, we get 
t(l Ham M)(pi tele. Al)—(%_+M)mejb = 0. 
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So if we put (lta,, Mii = J*, (20) 
we get {at(pite/c.At)—a, mopp* = 0. (21) 
This is of the same form as (13) with the starred variables pi, Az, %*, 
and shows that (13) is invariant under an infinitesimal Lorentz trans- 
formation, provided 4 is subjected to the right transformation, given 
by (20). A finite Lorentz transformation can be built up from infinite- 
simal ones, so under a finite Lorentz transformation the wave equation 
(13)isalsoinvariant. Note that the matrices « do not get altered at all. 

The invariance proved above means that the solutions % of the 
original wave equation (13) are in one-one correspondence with the 
solutions %* of the new wave equation (21), corresponding solutions 
being connected by (20). We assume that corresponding solutions 
represent the same physical state. We must now verify that the 
physical interpretations of corresponding solutions, referred to their 
respective Lorentz frames of reference, are in agreement. This requires 
that ù'y should give the probability density referred to the original 
frame and *t* the probability density referred to the new frame. 
Let us examine the relationship between these quantities. ¢ty is the 
same as ftv% and forms one of the four quantities {tat}, which should 
be treated together. 

Equations (18) and (16) show that M is pure imaginary. Thus the 
conjugate imaginary of equation (20) is 


pt = bt 1— Mom). 


( 
pateb® = P — Mamat + an M xp 
= p (1 —M a) HM an) — a, a)y 
from (19). This reduces to 
Pope = f'(a —a o) 
= Pampa, ay 

with the help of (16). If we lower the suffix u here, we get an equation 
of the same form as (15), which shows that the four quantities p'a, us 
transform like the contravariant components of a 4-vector. Thus uty 
transforms like the time component of a 4-vector, which is the correct 
transformation law for a probability density. The space components 
of the 4-vector, namely gta, i, if multiplied by e, give the probability 


current, or the probability of the electron crossing unit area per 
unit time. 


Hence 


m 
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It should be noted that #%fx,,% is invariant, since 
Pamp = PU May) om (1 tom Mp 


= h'am Y. 
We must verify finally the conservation law, that the divergence 
3 -> 
— (4t 2 
a Pew) (22) 


vanishes. To prove this, multiply equation (13) by %t on the left. 
The result is 


Balin oe oy +7 A „t)- —p' ap mob = 0. 
The conjugate imaginary equation is 
ee op +94 A, Jap anmo = 0, 
Subtracting and dividing by tř, we get 
ay 
t pêt yty = 
bt Ae T y= 0, 


which just expresses the vanishing of (22). In this way we complete 
the proof that our theory gives consistent results in whichever frame 
of reference it is applied. 


69. The motion of a free electron 

It is‘of interest to consider the motion of a free electron in the 
Heisenberg picture according to the above theory and to study the 
Heisenberg equations of motion. These equations of motion can be 
integrated exactly, as was first done by Schrédinger.t For brevity 
we shall omit the suffix ¢ which the notation of § 28 requires to be 
inserted in dynamical variables that vary with time in the Heisen- 
berg picture. 

As Hamiltonian we must take the expression which we get as equal 
to cpa when we put the operator on % in (10) equal to zero, i.e. 


H = cp,(o, p)+ pame = c(a, p)+ ps me’. (23) 
We see at once that the momentum commutes with H and is thus a 
constant of the motion. Further, the z,-component of the velocity is 


This result is rather surprising, as it means an altogether different 
t Schrödinger, Sitzungsb. d. Berlin. Akad., 1930, p. 418. 


3595.57 S 
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relation between velocity and momentum from what one has in 
classical mechanics. It is connected, however, with the expression 
b' cc, y for a component of the probability current. The 2, given by (24) 
has as eigenvalues +c, corresponding to the eigenvalues +1 of œ. 
As č, and 2, are similar, we can conclude that a measurement of a com- 
ponent of the velocity of a free electron is certain to lead to the result +c. 
This conclusion is easily seen to hold also when there is a field present. 

Since electrons are observed in practice to have velocities con- 
siderably less than that of light, it would seem that we have here a 
contradiction with experiment. The contradiction is not real, though, 
since the theoretical velocity in the above conclusion is the velocity 
at one instant of time while observed velocities are always average 
velocities through appreciable time intervals. We shall find upon 
further examination of the equations of motion that the velocity is 
not at all constant, but oscillates rapidly about a mean value which 
agrees with the observed value. 

It may easily be verified that a measurement of a component of the 
velocity must lead to the result +c in a relativistic theory, simply 
from an elementary application of the principle of uncertainty of 
§ 24. To measure the velocity we must measure the position at two 
slightly different times and then divide the change of position by the 
time interval. (It will not do to measure the momentum and apply 
a formula, as the ordinary connexion between velocity and momen- 
tum is not valid.) In order that our measured velocity may approxi- 
mate to the instantaneous velocity, the time interval between the 
two measurements of position must be very short and hence these 
measurements must be very accurate. The great accuracy with 
which the position of the electron is known during the time-interval 
must give rise, according to the principle of uncertainty, to an almost 
complete indeterminacy in its momentum. This means that almost 
all values of the momentum are equally probable, so that the momen- 
tum is almost certain to be infinite. An infinite value for a component 
of momentum corresponds to the value +c for the corresponding 
component of velocity. 

Let us now examine how the velocity of the electron varies with 
time. We have ili = q H— Ho. 


Now since œ, anticommutes with all the terms in H except Ca, Dj, 


a H+Ha, = Oy Coy Pı FCA Py a, = 2c, 
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and hence ia, = 20, H—2cp,, 125) 
= —2Ha,+2cpy. i 

Since H and p, are constants, it follows from the first of equations 

(25) that thé, = 24 H. (26) 


This differential equation in & can be integrated immediately, the 


result being öy = ad e~2iHlh, (27) 


where &? is a constant, equal to the value of & when t= 0. The 
factor e~2/#!% must be put to the right of the factor &f in (27) on 
account of the H occurring to the right of the & in (26). The second 
of equations (25) leads in the same way to the result 

dy, = eioh, 
We can now easily complete the integration of the equation of motion 
for z,. From (27) and the first of equations (25) 


a, = dhalde MRH -14 cp, H, (28) 
and hence the time-integral of equation (24) is 
xy = —tchrad eh? ep, H74 a, (29) 


a, being a constant. 

From (28) we see that the x, component of velocity, ca,, consists 
of two parts, a constant part c*p, H-t, connected with the momentum 
by the classical relativistic formula, and an oscillatory part 

Lichad e-i HH- 
whose frequency is high, being 2H/h, which is at least 2mc?/h. Only 
the constant part would be observed in a practical measurement of 
velocity, such a measurement giving the average velocity through a 
time-interval much larger than h/2mc*. The oscillatory part secures 
that the instantaneous value of #, shall have the eigenvalues +c. The 
oscillatory part of x, is small, being, according to (29), 


—Ach?al eta A-2 — dich(a,—cp,H)A-, 
which is of the order of magnitude fi/mc, since («,—cp, H-t?) is of the 
order of magnitude unity. 


70. Existence of the spin 

In § 67 we saw that the correct wave equation for the electron in 
the absence of an electromagnetic field, namely equation (7) or (10), 1s 
equivalent to the wave equation (6) which is suggested from analogy 
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with the classical theory. This equivalence no longer holds when 
there is a field. The wave equation to be expected from analogy with 
the classical theory in this case is 


|(Po+ 40) — (p5A) — mely = 0, (30) 


in which the operator is just the classical relativistic Hamiltonian. If 
we multiply (11) by some factor on the left to make it resemble 
(30) as closely as possible, namely the factor 


é €e 
pt Aopo, p+ ÉA) +pame, 


we get 
e, \? e,\? 29 e e 
(p+) — |S, p+ — mec -p| (2+4) G, p+-A ~— 


e e 
— (s. Ps A)(p.+ 4c) |W = 0. (31) 
We now use the general formula that, if B and C are any two 
three-dimensional vectors that commute with o, 


(o, B)(o, Q) = 2 toi B, Cy +0, og B Cat 090, Bo C} 


the summation referring to cyclic permutations of the suffixes 1, 2, 3, 


or (o, B)(o, C) = (B,C) +i ¥ o,( B, C,— B,0,) 


123 
= (B, C)+2(6,Bx QC). (32) 
Taking B = C = p-+e/c.A, we find, since 
[p +54 x (p+) — “(px A+AX p} 
= —whe/c.curlA = —the/c.FA, 
where Æ is the magnetic field, that 


2 2 
(p+) = [p54] + (6,¥). (33) 


Also we have 
[P, + 24a) (0. p+5A)— G p+5A}(p,+244| 


e 


E z (O: Po A— Apo t Ay P— Py) 
ihel. LƏ3A , he 
— Hea, TT Hrad A) = -4 (9, £), 
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where € is the electric field. Thus (31) becomes 


2 2 
(e+ 5-46] ~~ (p54) o mo, #) + ip (5, ey = 0. 
(34) 
This equation differs from (30) through having two extra terms in 
the operator. These extra terms involve some new physical effects, 
but since they are not real they do not lend themselves very directly 
to physical interpretation. 

To get an understanding of the physical features involved in the 
difference between (34) and (30) it is better to work with the Heisen- 
berg picture, this picture being always the more suitable one for 
comparisons between classical and quantum mechanics. The Heisen- 
berg equations of motion are determined by the Hamiltonian 


H = —e4otopi[0, p+ °A) Heme, (35) 


the generalization of (23) to the case when there is a field. Equation 
(35) gives 

H e, V e 2 

(= + “A, = GG p +ÉA)-+ pme) 


e 2 
= G p+ + m?c? 


— (PEA) meert TE, (36) 


with the help of (33). We have here the real part of the extra terms 
in (34) appearing without the pure imaginary part. For an electron 
moving slowly (i.e. with small momentum), we may expect the 
Heisenberg equations of motion to be determined by a Hamiltonian 
of the form mc?--H,, where H, is small compared with mc?. Putting 
mc?-+ H, for H in (36) and neglecting H? and other terms involving 
c72, we get, on dividing by 2m, 
he 


] 2 
H,+eAy = sal +A) HŽ (0,#), (37) 


The Hamiltonian H, given by (37) is the same as the classical 
Hamiltonian for a slow electron, except for the last term 


Teg, #). 
2mc 


This term may be considered as an additional potential energy 
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which a slow electron has in the quantum theory and may be 
interpreted as arising from the electron having a magnetic moment 
—he/2mc.o. This magnetic moment is the one assumed in §§ 41 and 
47 for dealing with the Zeeman effect and is in agreement with 
experiment. 

The spin angular momentum does not give rise to any potential 
energy and therefore does not appear in the result of the preceding 
calculation. The simplest way of showing the existence of the spin 
angular momentum is to take the case of the motion of a free electron 
or an electron in a central field of force and determine the angular 
momentum integrals. This means working with the Hamiltonian (23), 
or with the Hamiltonian (35) with A = 0 and A, a function of the 
radius r, i.e. H = —eA(r)+cp(0, p) +p me, (38) 
and obtaining the Heisenberg equations of motion for the angular 
momentum. With either Hamiltonian we find for the rate of change 
of the z -component of orbital angular momentum, m, = Zy P3— £s Do, 
with the help of commutation relations proved in § 35, 


wim, = m H—Hm, 
cpi{m (6, p)— (0, p)m,} 

= Cp(S, Mı Pp— pm) 

= thicpy{o2P3— os Po}. 
Thus m, Æ 0 and the orbital angular momentum is not a constant 
of the motion. This result is to be expected from the integrated 
equation of motion (29), the oscillatory part of the motion here dis- 


played giving rise to an oscillatory term in the angular momentum. 
We have further 


We, = o H—Ho, 

= Cp,{o,(5, p)— (0, p)oy} 

= Cp;(o, 5—50], P) 

= 20Cpi{o3 Pa— Fy Pa} 
with the help of equations (51) of § 37. Hence 

mı +i = 0, 

so that the vector m+diis is a constant of the motion. This result 
one can interpret by saying the electron has a spin angular momentum 


sie, which must be added to the orbital angular momentum m before 
one gets a constant of the motion. The spin angular momentum 


|l 
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could alternatively be obtained from the rotation operators for states 
of spin in accordance with the general method of § 35. 

The same vector oa fixes the directions of both the spin magnetic 
moment and the spin angular momentum. If an electron in a certain 
state of spin has a spin angular momentum of 4% in a particular 
direction, it will have a magnetic moment —e//2mc in the same 
direction. 

We were led to the value 4# for the spin of the electron by an 
argument depending simply on general principles of quantum theory 
and relativity. One could apply the same argument to other kinds 
of elementary particle and one would be led to the same conclusion, 
that the spin angular momentum is half a quantum. This would be 
satisfactory for the proton and the neutron, but there are some kinds 
of elementary particle (e.g. the photon and certain kinds of meson) 
whose spins are known experimentally to be different from 3%, so we 
have a discrepancy between our theory and experiment. 

The answer is to be found in a hidden assumption in our work. 
Our argument is valid only provided the position of the particle is 
an observable. If this assumption holds, the particle must have a 
spin angular momentum of half a quantum. For those particles that 
have a different spin the assumption must be false and any dynamical 
variables x}, £o, xa that may be introduced to describe the position 
of the particle cannot be observables in accordance with our general 
theory. For such particles there is no true Schrödinger representation. 
One might be able to introduce a quasi wave function involving the 
dynamical variables x,, £, x3, but it would not have the correct 
physical interpretation of a wave function—that the square of its 
modulus gives the probability density. For such particles there is still 
a momentum representation, which is sufficient for practical purposes. 


71. Transition to polar variables 

For the further study of the motion of an electron in a central field 
of force with the Hamiltonian (38), it is convenient to make a 
transformation to polar coordinates, as was done in § 38 in the 
non-relativistic case. We can introduce r and p, as before, but 
instead of k, the magnitude of the orbital angular momentum m, 
which is no longer a constant of the motion, we must now use the 
magnitude of the total angular momentum M = m-+ 3fo. Let us put 


PR = Mi+ M3+ M3+ 4h . (39) 
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The eigenvalues of m, are integral multiples of i, those of 4o, are 
+h, and hence those of M, must be half odd integral multiples of 
ñ. It follows from the theory of § 36 that the eigenvalues of | 3| must 
be integers greater than zero. 
If in formula (32) we take B = C = m, we get 
(c, m)? = m?+i(6,m xm) 
l = m?ê—ğ#(o, m) 
= (m+4ioc)?—2h(o, m)—3h?. 

Hence = {(o, m) +A} = M24 4%. 

Thus (6,m)-++# is a quantity whose square is M244? and we could, 
consistently with equation (39), define ji as (6,m)+A. This would 
not be the most convenient definition for j, however, since we would 


like to have j a constant of the motion and (o, m)+% is not constant. 
We have, in fact, from applications of (32), 


(s,m)(c, p) = i(6, mx p) 
and (o, p)(s,m) = i(s, px m), 
so that | 


(s, m)(o, p)+ (0, p)(o,m) = 1D o (M pa — m pat pr Mg— Ps Mo) 
= i  o,.2iñp, = —2K(6, p), 
123 
or {(6,m)+h}(s, p)+ (0, p){(o,m)+%} = 0. 


Thus (o, m)+/ anticommutes with one of the terms in the expression 
(38) for H, namely the term cp,(s, p), and commutes with the other 
two. It follows that p,{(o,m)+#} commutes with all the three terms 
in H and is a constant of the motion. But the square of p3{(6,m)+A} 
is also M?+-472. We can therefore take . 
jh = p(o, m)+h}, (40) 
which gives us a convenient rational definition for j which is consis- 
tent with (39) and makes j a constant of the motion. The eigenvalues 
of this j are all positive and negative integers, excluding Zero. 
By a further application of (32), we get 
(5, x)(, p) = (x, p) +(e, m) 
= rp,+ipsji—ih, (41) 
with the help of (40) and also of equation (58) of §38. We introduce 
the linear operator e defined by | 
re = p,(6, X). | (42) 
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Since r commutes with p, and with (c, x), it must commute with «e. 
We thus have 


or e = |, 


Now p,(s, p) commutes with j, and since there is symmetry between 
x and p so far as angular momentum is concerned, p,(o, X) must also 
commute withy. Hence « commutes with j. Further, «e must commute 
with p,, since we have 


(o, X)(X, p)— (X, P)( = (0, X — (X, p)x) = wh(a, X), 
which gives rerp,—Tp,re = thre, 
or r?ep,—r?p, e = 0. 


From (41) and (42) we obtain 
rep;(9,p) = T),+tp3jn—th, 


or p1(9, p) = e(p,—th/r)+-tepgjh/r. 
Thus (38) becomes 


Hc = —e/c.Ay+e(p,—th/r)+tep,jh/r+ pz me. 


This gives our Hamiltonian expressed in terms of polar variables. It 
should be noticed that e and p, commute with all the other variables 
occurring in H and anticommute with one another. This means that 
we can take a representation with p; diagonal in which e and p, are 
represented respectively by the matrices 


ea a 


If r is also diagonal in the representation, the representative 
<r'p3|> of a ket a have two components, ¢7’,1|> = y,(r’) and 
<r’, —1|> = u(r’) say, referring to the two rows and columns l the 
matrices (43). 


72. The fine-structure of the energy-levels of hydrogen 

We shall now take the case of the hydrogen atom, for which A, = efr, 
and work out its energy-levels, given by the eigenvalues H’ of H. 
The equation (H’—H)|> = 0 which defines these eigenvalues, when 
written in terms of representatives in the representation discussed 
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above with e and p, represented by the matrices (43), gives the 


equations 
H e ih 
E patti + hn hmota = 0 
H e h 
(= + =) bo nS + Wate Pat mep, = 0. 
h h 
If a = 44 
we put mc—H' |c wy mc+H'|c ve? (44) 
these equations reduce to 
l «a 3 3+1 
_ —{— + — 
Ż a (2 4 No ô, 
(45) 


pja- 


where « = e?/ñc, which is a small number. We shall solve these equa- 
tions by a similar method to that used for equation (73) in § 39. 


Put Pa = reaf, hy = relig, (46) 
introducing two new functions, f and g, of r, where 
a = (a,4,)? = h(m*c?— H"?/c?)-3. (47) 


Equations (45) become 


l « ð l j (48) 
CA A a 


We now try for a solution in which f and g are in the form of power 
series, f= doer, g= 5 rs, (49) 
S S 


in which consecutive values of s differ by unity though these values 
need not be integers. Substituting these expressions for f and g in 
(48) and picking out coefficients of rs-1, we obtain 


Cy_4/4,—a0,— (S+) +Cs-1/4 = 9, 
o, [antach — (85—j)es+ 0-1/4 = 0. 
By multiplying the first of these equations by a and the second by 


a, and subtracting, we eliminate both c,_, and c,_,, since from 
(47) aja, = aja. We are left with 


[ax—aa(s—j)]es+ [ay a+a(8-+j)]e = 0, (51) 


(50) 
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a relation which shows the connexion between the primed and un- 
primed c’s. 

The boundary condition at r = 0 requires that ry, and rf, > 0 as 
r— 0, so from (46) f and g > 0 as r— 0. Thus the series (49) must 
-terminate on the side of small s. If sọ is the minimum value of s for 
which c, and c, do not both vanish, we obtain from (50), by putting 
S = So and Cp- = Chi = 9, 


aC, + (Sgt) Cs, — 0, | (52) 
ae, — (So — J )Cs, = 9, j 
which give ax? = — s+)’. 


Since the boundary condition requires that the minimum value of s 
shall be greater than zero, we must take 


So = +4 (3°— a°). 
To investigate the convergence of the series (49) we shall determine 


the ratio c,/c,_, for large s. Equation (51) and the second of equations 
(50) give approximately, when s is large, 


do Cs = ACs 
and SC = Cg—1/4 +F Cg—1/29. 
Hence Cs/Cs-1 = 2/as. 


The series (49) will therefore converge like 
| /2r\s 

> ala) : 

3 
or e?rla, This result is similar to that obtained in §39 and allows us 
to infer, as in § 39, that all values of H’ are permissible for which a 
is pure imaginary, i.e. from (47), for which. H’ > mc?, while for 
H’ < mc? we take a to be positive and then find that only those 
values of H’ are permissible for which the series (49) terminate on 
the side of large s. 


If the series (49) terminate with the terms c, and cg, so that 
Cot = Chy = 0, we obtain from (50) with s+1 substituted for s 


c,/a,+¢,/a = 0, 

C,/ao+c,/a = 0. 
These two equations are equivalent on account of (47). When com- 
bined with (51), they give 


a,[aa—Aa.(s—J)] = alas a«+a(s+3)], 


(53) 
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which reduces to 24 AS = A(A,—Gy)ax, 
or s 1/1 1 H’ 
a@ 2a, a, ch” 


with the help of (44). Squaring and using (47), we obtain 
s?(m*c®— H”? Je) = H’? e. 
' -3 
Hence H — [1 4 
me? s? 
The s here, which specifies the last term in the series, must be greater 
than s by some integer not less than zero. Calling this integer n, 


we have s = n+ (j?—a?) 

H’ x2 —} 

= | , 54 
and thus -z li HEAP (54) 


This formula gives the discrete energy-levels of the hydrogen 
spectrum and was first obtained by Sommerfeld working with Bohr’s 
orbit theory. There are two quantum numbers n and j involved, but 
owing to a? being very small the energy depends almost entirely on 
n+|9|. Values of n and |j! that give the same n+ |J] give rise to a 
set of energy-levels lying very close to one another, and to the 
energy-level given by the non-relativistic formula (80) of § 39 with 
s = n+ |j], apart from the constant term me?. 

We used equations (53) by combining them with (51), but this does 
not make full use of (53) since the coefficients of c, and c, in (51) may 
both vanish. In this case we get, multiplying the first coefficient by 
a, and the second by a and adding, 


a(a,+a,)a+2a,a,j = 0. 
Thus j must be negative in this case. With the help of (44) and (47) 
we get further 


2 &@ a č 2ma | 2mc 
a a ùa hk — (me He 
H” g2 
or mici ~ TE 


Since 4’ must be positive, this leads to 

H yet) (55) 
me? M 

which is the value of H’ given by (54) when n = 0. The case n = 0 
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with j negative thus needs further investigation to see whether the 
conditions (53) are then fulfilled. 

With n = 0, the maximum value of s is the same as the minimum, 
so equations (53) with s, substituted for s should agree with (52). 
Now (55) gives, from (44) and (47), 

Lomp SPA _me a 
am fh 9 ah jl 
so the first of equations (53) with sọ substituted for s gives 
cafIl—y (P—a)} +e, = 0. 
This agrees with the second of equations (52) only if 7 is positive. 
We can conclude that, for n = 0, j must be a positive integer, while 
for the other values of n all non-zero integral values of 7 are allowed. 


73. Theory of the positron 


It has been mentioned in § 67 that the wave equation for the elec- 
tron admits of twice as many solutions as it ought to, half of them 
referring to states with negative values for the kinetic energy cp y+ eA. 
This difficulty was introduced as soon as we passed from equation (5) 
to equation (6) and is inherent in any relativistic theory. It occurs 
also in classical relativistic theory, but is not then serious since, owing 
to thé continuity in the variation of all classical dynamical variables, 
if the kinetic energy cp,+eA, is initially positive (when it must be 
greater than or equal to mc”), it cannot subsequently be negative 
(when it would have to be less than or equal to —mec?). In the 
quantum theory, however, discontinuous transitions may take place, 
so that if the electron is initially in a state of positive kinetic energy 
it may make a transition to a state of negative kinetic energy. It is 
therefore no longer permissible simply to ignore the negative-energy 
states, as one can do in the classical theory. 

Let us examine the negative-energy solutions of the equation 


(er, +£44)—au(ms +243) — 
-apa + 4a) — opa 249) —anmel = 0 (56) 


a little more closely. For this purpose it is convenient to use a repre- 
sentation of the «’s in which all the elements of the matrices repre- 
senting qı, %, and az are real and all those of the matrix representing 
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Œ% are pure imaginary or zero. Such a representation may be obtained, 
for instance, from that of § 67 by interchanging the expressions for a, 
and «,, in (9). If equation (56) is expressed as a matrix equation in 
this representation and we put —1 for i all through it, we get, remem- 
bering the t in (4), 


|(—Po-+ 540) —es( pi +23} — 


=o — Pat Ap] as — pa-+$4o) Han mo) = 0. (57) 


Thus each solution y of the wave equation (56) has for its conjugate 
complex 4 a solution of the wave equation (57). Further, ifthe solution 
4 of (56) belongs to a negative value for cp,+eA,, the corresponding 
solution 4 of (57) will belong to a positive value for cp,—eA,. But the 
operator in (57) is just what one would get if one substituted —e for e 
in the operator in (56). It follows that each negative-energy solution 
of (56) is the conjugate complex of a positive-energy solution of the 
wave equation obtained from (56) by substitution of —e for e, which 
solution represents an electron of charge +e (instead of —e, as we 
had up to the present) moving through the given electromagnetic field. 
Thus the unwanted solutions of (56) are connected with the motion 
of an electron with a charge +e. (It is not possible, of course, with 
an arbitrary electromagnetic field, to separate the solutions of (56) 
definitely into those referring to positive and those referring to negative 
values for cpy+eAo, as such a separation would imply that transitions 
from one kind to the other do not occur. The preceding discussion is 
therefore only a rough one, applying to the case when such a separation 
is approximately possible.) 

In this way we are led to infer that the negative-energy solutions 
of (56) refer to the motion of a new kind of particle having the mass 
of an electron and the opposite charge. Such particles have been 
observed experimentally and are called positrons. We cannot, how- 
ever, simply assert that the negative-energy solutions represent posi- 
trons, as this would make the dynamical relations all wrong. For 
instance, it is certainly not true that a positron has a negative kinetic 
energy. We must therefore establish the theory of the positrons on 
a somewhat different footing. We assume that nearly all the negative- 
energy states are occupied, with one electron in each state in accordance 
with the exclusion principle of Pauli. An unoccupied negative-energy 
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state will now appear as something with a positive energy, since to 
make it disappear, i.e. to fill it up, we should have to add to it an 
electron with negative energy. We assume that these unoccupied 
negative-energy states are the positrons. 

These assumptions require there to be a distribution of electrons 
of infinite density everywhere in the world. A perfect vacuum is a 
region where all the states of positive energy are unoccupied and all 
those of negative energy are occupied. In a perfect vacuum Maxwell’s 


equation div€=0 


must, of course, be valid. This means that the infinite distribution 
of negative-energy electrons does not contribute to the electric field. 
Only departures from the distribution in a vacuum will contribute 
to the electric density 7, in Maxwell’s equation 

div € = 419. (58) 
Thus there will be a contribution —e for each occupied state of posi- 
tive energy and a contribution +e for each unoccupied state of 
negative energy. 

The exclusion principle will operate to prevent a positive-energy 
electron ordinarily from making transitions to states of negative 
energy. It will still be possible, however, for such an electron to 
drop into an unoccupied state of negative energy. In this case we 
should have an electron and positron disappearing simultaneously, 
their energy being emitted in the form of radiation. The converse 
process would consist in the creation of an electron and a positron 
from electromagnetic radiation. 

From the symmetry between occupied and unoccupied fermion — 
states discussed at the end of § 65, the present theory is essentially 
symmetrical between the electrons and the positrons. We should 
have an equivalent theory if we supposed the positrons to be the 
basic particles, described by wave equations of the form (11) with —e 
for e, and then supposed that nearly all the states of negative energy 
for the positrons are filled up, a hole in the distribution of negative- 
energy positrons being then interpreted as an ordinary electron. The 
theory could be developed consistently with the hypothesis that all 
the laws of physics are symmetrical between positive and negative 
electric charge. 


XII 
QUANTUM ELECTRODYNAMICS 


74. The electromagnetic field in the absence of matter 

THE theory of radiation that was set up in Chapter X involved some 
approximations in its handling of the interaction of the radiation 
with matter. The object of the present chapter is to remove these 
approximations and get, as far as possible, an accurate theory of the 
electromagnetic field interacting with matter, subject to the limitation 
that the matter consists only of electrons and positrons. Too little is 
known about other forms of matter, protons, neutrons, etc., for one 
to attempt at the present time to get an accurate theory of their - 
interaction with the electromagnetic field. But there exists a precise 
theory of electrons and positrons, as given in the preceding chapter, 
which one can use for building up a precise theory of the interaction 
of the electromagnetic field with this form of matter. The theory 
must bring in the interaction of the electrons and positrons with one 
another, through their Coulomb forces, as well as their interaction 
with electromagnetic radiation, and it must, of course, conform to 
special relativity. For brevity in this chapter we shall take c = 1. 

We must first consider the electromagnetic field without interaction 
with matter. Now in § 63 we set up first a treatment of the field of 
radiation without interaction of matter. Dynamical variables were 
there introduced to describe the field, commutation relations were 
established for them, and a Hamiltonian was found which made them 
vary correctly with the time. No approximations were made in this 
piece of work. The resulting theory would therefore be a satisfactory, 
exact theory of radiation without interaction with matter, were it not 
for one feature in it, namely our taking the scalar potential to be zero. 
This feature spoils the relativistic form of the theory and makes it 
unsuitable as a starting-point from which to develop a precise theory 
of the electromagnetic field in interaction with matter. 

We must therefore extend the treatment of § 63 by leaving A, 
general and bringing it into the work along with the other potentials 
A,, Az, A3. Thus we shall have the four A, and they will satisfy, as 
the generalization of (62) of § 63, 

DA, = 0, 0A əx, = 0. (1), (2) 
For the present we shall ignore the second of these equations. 
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For the present we shall ignore the second of these equations and 
work only from the first. 


Equation (1) shows that each A, can be resolved into waves 
travelling with the velocity of light. Thus, corresponding to equation 
(63) of § 63, A,(2) = f (Aoy gikt Ac e-tkax) 3k, (3) 
where k.x denotes the four-dimensional scalar product 

k.x = ky x,—(K,x), 
k, being the 4-vector whose space components are the same as the 
components of the three-dimensional véctor k of § 63 and whose time 
component k, = |k], and d°k denotes dk, dk, dks, as in § 63. The index 
c in the coefficients A‘, indicates that they are constant in time. We 
shall later introduce some other Fourier coefficients A,,, not constant 
in time, which must be distinguished from the present ones. 

The Fourier component A‘, has a part A, coming from A(x) and 
a part AS, (r = 1, 2,3) which is a three-dimensional vector. The latter 
can be decomposed into two parts, a longitudinal part lying in the 
direction of k, the direction of motion of the waves, and a transverse 
part perpendicular to k. The longitudinal part is k, h,/k)?.Ag,. The 
transverse part is 

(òps — kr k |k) A St = Ai; (4) 
say. It satisfies k, LY, = 0. (5) 


It is known from the Maxwell theory of light that only the trans- 
verse part is effective for giving electromagnetic radiation. Chapter X 
dealt only with this transverse part, the A,, of § 63 being the same as 
the present ./, and equation (65) of § 63 corresponding to the present 
equation (5). Nevertheless, the longitudinal part cannot be neglected 
in a complete theory of electrodynamics because of its connexion 
with the Coulomb forces, as will show up later. 

We can now decompose the three-dimensional vector A,(z) into 
two parts, a transverse part and a longitudinal part. The former is 


AdE) = | (ee Ai,e**) Pk 


and satisfies ok (x) əx, = 0. (6) 


The longitudinal part may be expressed as the gradient oV/dx, of a 
scalar V given by 


V =i Í k,| Ko" - (Ag, eiks Ae ethan) qh, (7) 
Thus A, = A+ 3V ox, (8) 
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The magnetic field is determined by the transverse part of 4,, 
Jf = curl A = curl £. 


It is convenient to count A(x) as longitudinal, so that the complete 
potentials A,(x) are separated into a transverse part (x) and a 
longitudinal part A,, 0V/éxz,. This separation, of course, refers to a 
particular Lorentz frame of reference.and must not be used when one 
wants to keep one’s equations in a relativistic form. 


Each Fourier coefficient A‘, occurs in (3) combined with the time 

factor e’o%, The product 
| Auk etkoto = Auk (9) 

say, forms a Hamiltonian dynamical variable in classical mechanics 
and a Heisenberg dynamical variable in quantum mechanics, like the 
the Apy of § 63. | 

The work of §63 gives us the P.B. relations for the transverse part 
of Aux- To connect up with it, we pass over to discrete k-values in 
three-dimensional k-space and take, for example, a particular discrete 
k-value for which kı = ka = 0, kg = ky > 0. Then the polarization 
variable I can take on two values referring to the two directions 1 
and 2 and equation (73) of§ 63 gives, with the help of the commutation 
relations for the ņ’s and 4’s, equations (11) of § 60, 


[Ay Ar] = [A Aoi] = —is,/4n%ky. (10) 

The work of §63 gives us no information about A, and Aok- 
However, we can now obtain the P.B. relations for A,, and Ay, 
from the theory of relativity. Equations (10) have to be built up into 
a relativistic set and the only simple way of doing so is by adding to 

them the two further equations 

[As Asx] = —[Aow Aon] = —ts,/477ko, (11) 
so that the four equations (10) and (11), together with the conditions 
that A „k and A,, commute for u # v (as they must do since they 
refer to different degrees of freedom), combine to form the single 


tensor equation [ F w A.J = igu sp/4n?ky. (12) 
We get'in this way the P.B. relations for all the dynamical variables. 
Equation (12) can be extended to 

[A ats Ay = guv Sk Sixe/ 477k. , (13) 


Let us now return to continuous k-values. To convert xx to con- 
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tinuous k-values we note that, for a general function f(k) in three- 
dimensional k-space, 


ZSE) Se = f(K') = | f (kc) 3(k—K') a, (14) 
where 5(k—k’) is the three-dimensional ô function 
6(k—k’) = 8 (ky — k1)è (ka — k3) (ka — ks). 


In order that (14) may conform to the standard formula connecting 
sums and integrals, equation (52) of § 62, we must have 


5, Sige = ŝ(k—k’), (15) 
Thus (13) goes over to 
[4 uns Aw] = 19 uyl En*kg. 6(k—k’). (16) 
This equation, together with the equations 
[Au Aye] = [A ut Ay] = 0, (17) 


provide the P.B. relations in the theory with continuous k-values. 
It should be noted that these P.B. relations remain valid if we replace 
A ks A, by Abs Atı- The same P.B. relations apply to the constant 
Fourier coefficients Aik, Avy. 

We must now obtain a Hamiltonian which makes each dynamical 
variable A,, vary with the time ¢ = z in the Heisenberg picture 
according to the law (9) with At, constant. Calling this Hamiltonian 


Hp, we require 


[A ux, Hr] = dA ./dx_ = thy Aux (18) 
It is easily seen that this is satisfied by 
Hp = —4r? Í ko? A x AM, dk. (19) 


We therefore take (19), with the possible addition of an arbitrary 
numerical term not involving any dynamical variables, as the Hamil- 
tonian for the electromagnetic field in the absence of matter. 

In § 63 we used our knowledge of the transverse part of the Hamil- 
tonian to obtain the P.B.s of the transverse variables. We have now 
applied the reverse procedure to the longitudinal variables, using our 
knowledge of their P.B.s, obtained by a relativistic argument, to 
find the part of the Hamiltonian that refers to them so as to get 
agreement with (18). | 

If we write out the Hamiltonian (19) it appears as 


Hp = 4r? f ko? Age Aint Aok Aot Aak Asr Aon Ao) d°k. 
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The first three terms of the integrand here have a transverse part 
which is just equal to the transverse energy given by (71) of § 63. 
The last term of the integrand, which is the part of H, referring to 
the scalar potential Ay, appears with a minus sign. This minus sign 
is demanded by relativity and means that the dynamical system 
formed by the variables Aok, Aq, is a harmome oscillator of negative 
energy. Itis rather surprising that such an unphysical idea as negative 
energy should appear in the theory in this way. We shall see in § 77 
that the negative energy associated with the degrees of freedom 
connected with A, is always compensated by the positive energy 
associated with the other longitudinal degrees of freedom, so that 
it never shows up in practice. 


75. Relativistic form of the quantum conditions 

The theory of the preceding section has relativistic field equations, 
namely equations (1). To establish that the theory is fully relativistic 
we must show further that the P.B. relations are relativistic. This is 
not at all evident from the form (16) in which they are written in 
terms of Fourier components. We shall obtain a relativistic form for 
the P.B.s by working out [A (x), A,(x’)] with x and x’ any two points 
in space-time. We must first, however, study a certain invariant 
singular function that exists in space-time. 

The function 6(x,,x+) is evidently Lorentz invariant. It vanishes 
everywhere except on the light-cone with the origin as vertex, i.e. the 
three-dimensional space x, «+ = 0. This light-cone consists of two 
distinct parts, a future part, for which x, > 0, and a past part, for which 
% < 0. The function which equals 6(x, 2“) on the future part of the 
light-cone and —6(x,, x”) on the past part of the light-cone is also 
Lorentz invariant. This function, equal to 6(z, 2#)x,/|% |, plays 
an important role in the dynamical theory of fields, so we introduce 
a special notation for it. We define 


A(x) = 28(2,, 2) zol. (20) 
This definition gives a meaning to the function A applied to any 
4-vector. With the help of (9) of § 15, we can express 6(x, x“) in the 


f 
_ S(x, 2H) = bx [He |X|) +r), (21) 
|x| being the length of the three-dimensional part of x,, and then 


A(x) takes the form 
A(x) = |[X|48(ay— |X|) —8(% + |x])}. (22) 
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A(x) is defined to have the value zero at the origin, and evidently 
A(—2x) = —A(z). 

Let us make a Fourier analysis of A(x). Using dx to denote 
dx, dx,dx,dx, and dx to denote dz,dz,dx, we have, for any 4- 
vector Ka» 


f Alaje dix =f |x| -Hò (xzo— |X|) — s (zo |X|) jetit- diz 
— Í x |-Heikaxl — e—tholxl he -it d3z, 


By introducing polar coordinates |x|, 0, ¢ in the three-dimensional 
£, XXa space, with the direction of the three-dimensional part of k, 
as pole, we get 


A a)etkx dix = pikolx| — e—tkolx!\e—tlkilxicos 8| x Isin @ dOddd|x 
J 
— 2m | {ekoxi— eiku) dl] x Í e-ilkiixicos 8| x isin 6 dô 
0 0 


ioe) 
= 2rilk|* | (eoi — etto) |x| femit — eth 
0 


oe 
= Qnilk|— Í {eilky kha — giko +kDa) da 


= 4r’ilk|-Hê(ka— |k|)—ê(ko+ |K])} 

= 4r?iA (k). (23) 
Thus the Fourier analysis gives the same function again, with the 
coefficient 4777. Interchanging k and x in (23), we get 


A(x) = —i/4n?. Í A(k)eik2 dtk. (24) 


Some of the important properties of A(x) can easily be deduced 
from its Fourier resolution. In the first place equation (24) shows that 
A(x) can be resolved into waves all travelling with the velocity of 
light. To get an equation for this result we apply the operator [_] to 
both sides of (24), thus 


DA(x) = —i/4n?. Í Alket dtk = t/4n®. Í k, keA(k)e* dtk. 
Now k,„k”A(k),= 0, and hence 
OA(x) = 0. (25) 


This equation holds throughout space-time. We can give a meaning 
to ODA(zx) at a point where A(z) is singular by taking the integral 
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of [JA(x) over a small four-dimensional space surrounding the point 
and transforming it to a three-dimensional surface integral by Gauss’s 
theorem. Equation (25) informs us that the three-dimensional surface 
integral always vanishes. 

The function A(x) vanishes all over the three-dimensional surface 
% = 0. Let us determine the value of dA(x)/éx, on this surface. It 
evidently vanishes everywhere except at the point 2, = £, = 2, = 0,- 
where it has a singularity which can be evaluated as follows. Differ- 
entiating both sides of (24) with respect to x, we get 


OM (ax) [dx = 1/4er®. | ko Afke dak 
= Lar? | kolk |H — [k|)—8(by+ [kje dk 


= 1/47?. | {8(bo— [k] +3(ky + |k|)}e% dtk. 
Putting x) = 0 on both sides here, we get 
[2A (x) 3L] n0 = 1/472. Í {S(ko— |k|)+8(ky+ |k| eit dik 
= 1/27, Í e-i) 3 
= 47 Ò(x (L) (z3) = 4r (x). ` (26) 
Thus the ordinary ô singularity, with the coefficient 4r, appears at 
the point 7, = % = x, = 0. 
Let us now evaluate [A (£), A,(x’)]. We have from (3), (16), and (17) 
[A,(z), A,(z’)] 
= {| [A vx ether Ay. eike A eika L A p eike] d kdk’ 
= ig„„]4n?. Í Í ko He nikzeik z eikse-ik a) S(k—k') dkak 
= ig,,/4n®. | ko Ye-tle-e)__gikte-2 dk, (27) 


The ko here is defined to be equal to |k| and is thus always positive. 
By putting —k for k in the second part of the integrand, one finds 
that (27) is equal to the four-dimensional integral 


irl4a®. | [kB [ke|) —8 (Fg + Ik|)fo-2-# daz 
= ig,,/4n, Í A(k)e-t#e-# qi, 


in which k, takes on all values, negative as well as positive. Evaluating 
this with the help of (24), we get finally 


[A (2), A, (2)] = gpr A(z’), (28) 
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a result which shows that the P.B. relations are invariant under 
Lorentz transformations. 

The formula (28) means that the potentials at two points in space- 
time always commute unless the line joining the two points is a null 
line, i.e. the track of a light-ray. The formula is consistent with the 
field equations LJA,,(z) = 0, because [] applied to the right-hand 
side gives zero, from (25). 


76. The dynamical variables at one time 


As a basis for a theory with interaction we must use the dynamical 
variables at one time. The relationships between the dynamical 
variables at one time (i.e. their P.B.s) are not affected by the introduc- 
tion of interaction. On the other hand the relationships between the 
dynamical variables at different times (comprising the field equations 
as well as the P.B:s of variables at different times) are very much 
affected by the interaction. The dynamical variables at one time form 
a non-relativistic concept, but a very important concept in Hamil- 
tonian theory. 

For the case of the electromagnetic field the independent dynamical 
variables at one time are A, and 0A,,/0x, for all values of 21, Za, Lg for 
the given zọ The higher time derivatives 0?A,,/0x)’,..., are not 
independent. Let us put l 
(29) 


p a, 


Then we have Á x Bux with the suffix x denoting x1, a, Xg, as the 
dynamical variables at one time. 


The Fourier resolution of these variables is, from (3) and (9), 
Aux = Í (Ay tA, Jem Bh 
B= Í kolá yu—A,, ne Be 
We may reverse the Fourier transformation and express A „xtA n-k 
and A,,—A, 4 in terms of A,x and B x respectively. Thus A,,, and 
A uk are determined by Ax B, x for all x (at a given x,). The equa- 
tions connecting A,,, Aux with Auw Bux do not involve the time 
explicitly. Thus the Ane Aix form an “alternative set of one-time 
dynamical variables, on the same footing as the Aux Bux: 


When we work with the variables A,x, B„x we shall need to know 


(30) 
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their P.B. relations. These may be obtained either from the Fourier 
expansions (30) together with (16) and (17) or from the general P.B. 
relation (28). The latter gives the required results more quickly. 
Putting x) = Zp in (28), we get 


[A cr Avg] = 0. (31) 


px? 


Differentiating (28) with respect to x, and then putting z} = 2», we 
get, with the help of (26), 


[Buss Aig] = trgu (X — X’). (32) 
Differentiating (28) with respect to both x and x, and then putting 
Ty = Ty, we get [Bux By] = 0, (33) 


since 0°A(x)/dx§ = 0 for x, = 0. Equations (31), (32), and (33) give 
all the P.B. relations between the A,,, Bx variables. They show that, 
apart from numerical coefficients, the 4,,, can be looked upon as a set 
of dynamical coordinates and the B, as their conjugate momenta, 
there being a 6 function on the right-hand side of (32) instead of a 
two-sufix 6 symbol on account of the number of degrees of freedom 
being a continuous infinity. 

We can decompose A, into a transverse and a longitudinal part, 
as shown by equations (8) and (6). We can do the same with B,, and 


get 


ðU 
— — 34 
B = B, + x, (34) 
with 64,/0x, = 0. (35) 
From (7) with —k substituted for k in the second term of the integrand, 
V = i | koko? (Aa +Ay se Bh. (36) 
The corresponding equation for U is, since U = dV aay, 
U = — Í k, Keg 1(A gy — 4, pe E AB, (37) 
The electric field is given by 
E€ = — p — 2A 
OX, 
_g dot UV) (38) 
OL, 
Thus div € = 25, veg. 
Ox, 
= —V*4,+0). (39) 


It is evident that any longitudinal variable commutes with any 
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transverse variable. Some useful P.B. relations will now be worked 
out. We shall use the notation—for any field function fy, 


deaf, Frage (40) 


Ou, 5? Ox, 
If in (32) we put» = r, v = s and differentiate the equation with 
respect to x, we get 
[B t, Age] = 4779,.5"(X—X’) = —4755(x—x’), 
or, from (39), [div &,, A, ] = 4785(x—x’). (41) 
Now (39) shows that div € is a function only of the longitudinal 
variables, so (41) gives 
[div E, V2] = 4785(k—x’) = —476*(x—x’). 
Integrating with respect to x,, we get 
[div €, W] = —47rd(x—x’), (42) 
there being no constant of integration since the field functions €, and - 
V, are made up of waves of non-zero wave length. From (42) and (39) 
VC, Ve] = 4rò(x— xX’). 
Integrating with the help of formula (72) of § 38, we get 
[Uo Ve] = —|x— "|", (43) 
there being no constant of integration or other terms not vanishing 


at infinity on the right-hand side, because U, and V, are made up of 
waves of non-zero wave length. We have from (38) and (43) 


[Eres Ke] = —[UY, Ve] = — (2, — 2) |x— x’ |. (44) 
We shall now obtain the Hamiltonian in terms of the A, and Bx 
variables. We have from the second of equations (30) 


f Bx Bry Bx 
= — fff Hobo Ape Aya) AM — Ae eee dBed Ph a 
— —873 Í Í ko kol 4 i, y) (4P — A _y)8(K-+K’) dkak 
— — 8r? Í ko?(A u — Anu) (4E Ay) dèk. ` 
Similarly, from the first of equations (30), 
| A," A,” Bax 
— [ff Apt Ay aA + At eiei PedPh Bax 


| 


= 8r” Í kèl A je tA), 4)(AY HA) dèk. 
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Adding and dividing by —8z, we get 
— (87) Í (B, BY+A,7 Arr) dix 
= — 2r? { kA yy AM +A, 4 AP) dk. 
This is equal to Hp given by (19), apart from an infinite numerical 


term. The formula (19) for Hp already involves an arbitrary numerical 
term, so we may take 


Hp = —(87)-2 { (B, Bes A,7Arr) dx (45) 


with an arbitrary numerical term, different from that of (19). 

The Hamiltonian (45) can, of course, be used to give the Heisenberg 
equations of motion, and the arbitrary numerical term in it does not 
have any effect. One can easily check, using (31), (32) and (33), that 


0A [0% = [A,, Hp] = Bp ! (46) 
and 0B xy = [Bu Hr] = V*A,, 
agreeing with (29) and (1). It also gives the Schrédinger equation of 
motion iñ d|P>/dz, = Hp|P) 


for a ket |P> representing a state in the Schrödinger picture. The 
arbitrary numerical term here has the effect of changing |P) by a 
phase factor, which is not of physical importance. 

We can decompose the expression (45) for Hp into a transverse 
part Hp, and a longitudinal part Hp,. We have from (34) 


f BB, da = f (@,4+-U\B,+0") Be 
== f BB. dx + f UU" dx, 
since the cross terms vanish on account of 
[ UZ, de = — | UZ; de = 0 
from (35). Similarly we have from (8) 
[ 424, dx = | Af de + Í Vry" dx, 
with the cross terms vanishing again. Thus (45) becomes 
Hp = Hpp+ fpr, 
with Hyp = (8n) | (B, B, 444) Ba (47) 
and = Hp, = (87) | (UU + VV — B, By—Ay"Ay’) Px. (48) 


§ 76 THE SCHRODINGER DYNAMICAL VARIABLES 287 
It should be noted that the term 
(8m) | asf dèx 
in Hpp can be transformed to 
— (87) | 4 de = — (8n) | oh (0° — of) dèa 

= (87) | (A — A) Ba 

= (16r) | (4—4 (4 — A) Ba 

= (87) | A? dèx, 
so this term is just the magnetic energy. Some further partial inte- 
grations give 

Í Vrsyrs dae = Í pyrr yss dèx, 

so (48) may be written 


Hpr, = (87)7* Í {(U — 4) (U +4} +(V"— Bo) (V+ By)} d®x. (49) 


77. The supplementary conditions 


We must now go back to the Maxwell equation (2), which we have 
ignored so far. We cannot take this equation over directly into the 
quantum theory without getting inconsistencies. The left-hand side 
of the equation does not commute with A,(x’), according to the 
quantum conditions (28), so this left-hand side cannot vanish. The 
way out of the difficulty was shown by Fermi.} It consists in adopting 
a less stringent equation, namely the equation 

(0A ,,/0x,,)|P> = 9, (50) 
and assuming it to hold for any | P> corresponding to a state that can 
actually occur in nature. There is one equation (50) for each point 
in space-time and these equations must all hold for any ket corre- 
sponding to a state that can actually occur. 

We shall call a condition such as (50), which a ket has to satisfy to 
correspond to an actual state, a supplementary condition. The exis- 
tence of supplementary conditions in the theory does not mean any 
departure from or modification in the general principles of quantum 
mechanics. The principle of superposition of states and the whole of 
the general theory of states, dynamical variables, and observables, 
as given in Chapter II, apply also when there are supplementary 

+ Fermi, Reviews of Modern Physics, 4 (1932), 125. 
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conditions, provided we impose a further requirement on a linear 
operator in order that it may represent an observable. We define a 
linear operator to be physical if it has the property that, when it. 
operates on any ket satisfying the supplementary conditions, it pro- 
duces another ket satisfying the supplementary conditions. In order 
that a linear operator may represent an observable it must evidently 
satisfy the requirement of being physical, in addition to the require- 
ments of § 10. 

We have already had an example of supplementary conditions in 
the theory of systems containing several similar particles. The con- 
dition that only symmetrical wave functions, or only antisymmetrical 
wave functions, represent states that can actually occur in nature, is 
precisely of the same type as condition (50) and is what we are now 
calling a supplementary condition. In this theory the requirement 
that a linear operator shall be physical is that it shall be symmetrical 
between the similar particles. 

When we introduce supplementary conditions into our theory we 
must verify that they are consistent, i.e. not too restrictive to allow 
any ket at all to satisfy them. If we have more than one supplementary 
condition, we can deduce further supplementary conditions from them 
by taking P.B.s of the operators in them; thus if we have 

U|P>) = 0, V|P> = 0, (51) 


we can deduce 
[U, V]| P> = 9, [U,[U,V]]|P> = 9, (52) 


and soon. To verify that our supplementary conditions are consistent 
we have to look into all the further supplementary conditions obtain- 
able by this procedure to see that they can be satisfied, which we can 
usually do by showing that after a certain point the further supple- 
mentary conditions are all either identically satisfied or repetitions 
of the previous ones. 

We must also verify that the supplementary conditions are in agree- 
ment with the equations of motion. In the Heisenberg picture, for 
which the ket | P) in (51) is fixed, we shall have different supplementary 
conditions referring to different times and they must all be consistent, 
in the way discussed above. In the Schrödinger picture, for which the 
ket |P varies with the time inaccordance with Schrédinger’s equation, 
we require that if |P> satisfies the supplementary conditions initially 
it satisfies them always. This means that d|P)>/dé must satisfy the 
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supplementary conditions, or that H|P> must satisfy the supplemen- 
tary conditions, or that H must be physical. 
It is convenient when we have a supplementary condition U |P} = 0 


to write Uxo (53) 


and to call (53) a weak equation, in distinction to an ordinary or strong 
equation. A weak equation gives another weak equation if it is 
multiplied by any factor on the left, but does not in general give a valid 
equation if it is multiplied by a factor on the right. Thus a weak 
equation must not be used in working out P.B.s. With this way of 
speaking, the requirement (52) that the supplementary conditions are 
consistent becomes the requirement that the P.B.s of the operators 
in the supplementary conditions shall vanish weakly. 

The condition for a dynamical variable £ to be physical is that, for 
each supplementary condition U|P> = 0, we have 


Ué|P> = 0, 
and hence [U, E] P> = 0. 
Thus the condition is that the P.B. of the dynamical variable with 
each of the operators of the supplementary conditions shall vanish 
weakly. 

Let us now return to electrodynamics. We take equation (2) to be 

a weak equation, so it should be written 

aA ðz, Z 0. (54) 
In the Heisenberg picture we have one of these equations for each 
point x. To check their consistency, we take two arbitrary points x 
and x’ in space-time and form the P.B. 


eu) | = [A _,(2),A,(2’)]. 


ZI Gx, | x, Ox, 


Evaluating it with the help of (28), we get 


C7A(x—x’) 


= —[ JA(z—z’) = 0 
Ou, OL, LA(2—a') 


Juv 
from (25), so the requirements for consistency are satisfied strongly. 
As we have verified that the supplementary conditions are consistent 
at all times in the Heisenberg picture, we have verified that they are 
in agreement with the equations of motion. 

Since equation (54) is only a weak equation, any ofits consequences 
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in the ordinary Maxwell theory will be valid in the quantum theory 
only as weak equations. The equations 


div æ = 0, oF /at = —curl € 


follow simply from the definitions of € and Æ in terms of the potentials, 
so they are valid strongly in the quantum theory. The other Maxwell 
equations for empty space, namely 


div € = 0, Elt = curl F, (55) 


are weak equations in the quantum theory, because one needs the 
help of (54) as well as (1) in deriving them. 

The field quantities € and Æ are components of the antisymmetric 
tensor 0A’/ax,,—0A#/dx,. The P.B. of the tensor with the operator 
of (54) at a general point x’ is 

nL E aad E y A(z —r') „Z A(z—x') _ 0 
02 Ox, Ou, | 7° Gm, ôx, ” Oa, Ga, l 
It follows that € and Æ are physical. The potentials A, are not 
physical. 

The supplementary conditions affecting the dynamical variables at 

a particular time are 


“#0 L ZE yO. (56) 


Higher differentiations with respect to x, do not give independent 
equations, but equations which are consequences of these and the 
strong equation (1). Thus in terms of the Schrödinger variables of 
§ 76, the supplementary conditions are 


By +A,” = 0 (57) 
and (A4ţ +B, = 0. : (58) 
Equation (58) is the same as the first of equations (55) and may also 
be written, from (39), 


V7(A,+U) = 0. 
Since this holds throughout three-dimensional space, it leads to 


A,tU = 0. (59) 
Noting that A,” = V", we can now see from (49) that 
Hp, Z0. (60) 


Thus there is no longitudinal field energy for states that occur in nature. 
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To set up a convenient representation, we introduce a standard ket 
lOp> satisfying the supplementary conditions 


(By+A,")|0p> = 9, (A, +U)|0p> = 0, (61) 
and also satisfying A, |\On> = 0. - (62) 


These conditions are consistent, because £, commutes with the 
operators in (61), and they are sufficient to fix |0p> completely, apart 
from a numerical factor, because the only independent dynamical 
variables that we have are Ay, Bo U, Af, £y, Ly and of these 
A ,+U, B,+A4,’, £, form a complete commuting set. With this 
standard ket we can express any ket as 


W (Ag, By, x) |Op>. (63) 


Our representation is just the Fock representation so far as concerns 
the transverse dynamical variables £y, Æp, s0 ¥ must be a power 
series in the variables £, with different terms in the series corre- 
sponding to the presence of different numbers of photons. The number 
of variables occurring in ¥ is a continuous infinity, so ¥ is what 
mathematicians call a ‘functional’. 

If the ket (63) satisfies the supplementary conditions, ¥ must be 
independent of A, and B,, and thus a function only of the £x. So 
physical states are represented by kets of the form 


VY (%,)|O->, (64) 


with ¥ a power series in the variables £. The standard ket |0,> 
itself represents the physical state with no photons present, the perfect 
vacuum. 

Our Hamiltonian Hp and its parts Hpr, Hp, have so far contained 
arbitrary numerical terms. It is convenient to choose these terms so 
that H,,, Hpr are zero for the perfect vacuum. The result (60) shows 
that Hp, given by (48) or (49) has the numerical term in it correctly 
chosen to make H,, have the value zero for the perfect vacuum, as 
well as for every other physical state. We must take Hpr to be 


Hyp = 4r” Í ko A Ax Bh, (65) 


the transverse part of (19), in order that the numerical term in it may 
be correctly chosen to give no zero-point energy for the photons. 
(47) differs from (65) by an infinite numerical term, consisting of a 
half-quantum of energy for each photon state. 
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78. Electrons and positrons by themselves 

We now consider electrons and positrons in the absence of electro- 
magnetic field. The state of an electron is described, as in Chapter XI, 
by a wave function % with four components h, (a = 1, 2, 3, 4), satis- 
fying the wave equation : 

nee — —th a G+ A Mb, : (66) 
To get a many-electron theory we shall apply the method of second 
quantization of § 65, which involves changing the one-electron wave 
function into a set of operators satisfying certain anticommutation 
relations. 

When we are dealing with % at various places at a given time we 
may write it 4, with x denoting z4, x, x3. Its components are then 
Wax We pass to the momentum representation with the wave function 
ws, by a three-dimensional Fourier resolution 


p, = h Í eipig dp, ob, = h7 Í e-txpiiiy d3x, (67) 


p has four components Pap, corresponding to the four components 
of 4. In this representation the energy operator is 


Po = Oy Pr T Am M, 
in which the momentum operators p, are multiplying factors. 
We can separate % into a positive-energy part € and a negative- 
energy part ¢, b= ELL, 
€ and ¢ each having four components like %. In the momentum 
representation they are given by 
— l Xp PrF Am mM —— l Op Pp Am M 
e= a tpt e bal pn | 
since these equations lead to 
Pop = (Prt Om M)Ep = Hr PrF am m+ (P?-+m*) p 
= (P+M?) Ep 
and similarly Po bp = — (PPH mG 
showing that €, and ¢, are eigenfunctions of pọ with the eigenvalues 
(p?+m?*)? and —(p?--m?)? respectively. When one is working with 
the operators 


9 , 


Lf | Ar Pr emm TE 
I T peim?) |’ (pF myi 
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one should note that their squares are equal to themselves and their 
product in either order is zero. 

The second quantization makes the #%’s into operators like the 7’s 
of § 65, satisfying anticommutation relations like (11’) of § 65. Using 
the notation for the anticommutator 


MN+NM = (M,N), (69) 
we get [ax Poxl+ = 0, [Boss By] = 0, 
- (70) 
[Pax Pox la — Ô ab ò(x— X’), 


the function 6(x— x’) appearing in the last equation owing to the x’s 
taking on continuous ranges of values. On transforming to the p- 
representation according to (67), we get 


[Yap Boo ly = 0, [Paps Pople = 0, 
[up popl = Sab o(p—p’). 
With € and ¢ defined again by (68), the last of equations (71) gives 


= l x x 7 l s 
[fap Ebp']+ = 5 + mataa) [Yeps Jasle! + aptam 


(71) 


(p?+m?)} (p’?+-m*)t 
— 1 Xp Prt Xm M _ 
= 51+ rae PP? a2) 
and similarly 
7 — l 1 Oy PrF Am mM 8 , 73 
[bap Sop l+ = zl -haia (p—p) (73) 
and [aps Cop] = [Enp Cop l+ = 0. 


According to the interpretation of § 65, the operators pap are 
operators of annihilation of an electron of momentum p and the 
operators „p are operators of creation of an electron of momentum p. 
To avoid the unphysical notion of negative-energy electrons, we must 
pass over to a new interpretation based on the positron theory of § 73. 
The annihilation of a negative-energy electron is to be understood as 
the creation of a hole in the sea of negative-energy electrons, or the 
creation of a positron. So the operators čą, become operators of 
creation of a positron. The positron has the momentum — p, because 
an amount p of momentum gets annihilated. Similarly the ĉa, become 
operators of annihilation of a positron of momentum —p. The &,, 
and £,, are operators of annihilation and creation respectively of an 
ordinary, positive-energy electron of momentum p. 


3595 .57 U 
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It should be noted that, although é, has four components, only 
two of them are independent, because the four are connected by 


Xp Dp Xp, mM 
jeer Om" le — 0, 
| (p?+m?*)! |é 

which involves two independent equations. The two independent 
components of £, correspond to the annihilation of an electron in 
each of the two independent states of spin. Similarly ¢, has only 
two independent components, because of the equations 

Op Det Amm 
] rir m — 0 
pA ptt So = © 
and they correspond to the creation of a positron in the two inde- 
pendent states of spin. : 

The vacuum state, for which there are no electrons or positrons 
present, is represented by the ket |0,) satisfying 


Eap|Op) = 0, CaplOp) = 0. (74) 
We can use this ket as the standard ket of a representation. We then 
have any ket expressed as 


F (fap Sap) Op), 
in which the function, or rather functional, ¥ is a power series in the 
variables ap, Čap: Each term of Y is like (17’) of § 65. It must not 
contain any of its variables to a higher power than the first. It corre- 
sponds to the existence of certain (positive-energy) electrons and 
certain positrons, in states specified by the labels of the variables 
appearing in it. 

From (12’) of § 65, the total number of electrons is f Pap Pap BP 
summed over a. We may write it in the notation of equation (12) of 
§ 67 as f Ph Yp dp. Transforming it to the x-representation by (67), 
we get 
h [ff efit ie PN pu Bada’ = | Bs Ba, 
showing that the density of the electrons is t Yy. This result includes 
an infinite constant representing the density of the sea of negative- 
energy electrons. 

We get a quantity of more physical significance if we take the total 
charge Q, equal to the number of positive-energy electrons minus the 
number of holes or positrons, all multiplied by —e. Thus 


Q = —e | (Ë ép — ih Ep) dp. (75) 
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We can evaluate this with the help of (68). Using the transpose of 
the second of these equations, namely 


_ of p, +l, m 
ob = (i TE) 


we get 
—— er Å _ Prt am ™ 3 
o= e | [Ba( pei etal iE) P 
Now for any matrix « whose diagonal sum is zero, the anticommutation 
relations (71) give 


pt, apy + ot ot yb, = XablPap Boy + Pop Dap) = aa o(p— p’) = 0, (76) 
a result which we may assume still holds for p’ = p. Then the 
expression for Q reduces to 


Q = —e | Ah yoh bp) Mp. 
Transforming it to the x-representation as before, we get 

Q = —e | AMPLY. hn) Pa, 

showing that the charge density is 

Jox = —fe(spt pyt Py). (77) ' 
The interpretation of the one-electron wave function in § 68 gives, 
besides the probability density Jt, a probability current po, x. 
With second quantization we shall have correspondingly a flow of 
electrons, given by the operator Jia,w,. The sea of negative-energy 


electrons produces no resultant flow of electrons, from symmetry, 
and so the electric current is 


rx — erp, Xp T (78) 
The total energy of the electrons is, from formula (29) of § 60, which 
is valid also for fermions, 


Hp = | Trot Pp = | Plor prH onm) Bp. (19) 
It becomes, when transformed to the x-representation, 
Hp = Í Bil — iha, hg” + an mpy) Bax. (80) 


This total energy contains an infinite numerical term representing 
the energy of the sea of negative-energy electrons. 
We get a quantity of more physical significance if we take the energy 
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of all the electrons and positrons, reckoning the energy of the vacuum 
as zero. This quantity is 


p= | (Pm?) (Ei E tih E) dip (81) 
— 2\} rif 4 Or Pr Am M m 
=| p*+m*) lasal pal? (p+ m?) ea Eea bat 
l at p, + ah T 
Hb) aa A a 


o =| Hbl (Op Ppt Om mM) ,— oh (at p,+ of, mb} dp+ 
+ | (PHEA potti Pp) Bp. (82) 


From (76), the first integral in (82) is the same as (79) and is just 
Hp. The second integral is an infinite constant and is minus the 
energy of all the negative-energy electrons of the vacuum distribution. 

We may take either Hp or Hp as the Hamiltonian. The Heisenberg 
equation of motion for Y, is thus 


Əh axl 0x) = [ax H = [Yax H pl, 


and if we work this out we just get back to the wave equation for W, 
namely (66). 

We must now look into the question of whether the theory is 
relativistic. It is built up from operators ẹ which satisfy the field 
equations (66). These equations are the same as the wave equation 
for the one-electron wave function and are known to be invariant 
under Lorentz transformations, provided 4 transforms according to 
the law (20) of Chapter XI. Our present theory goes beyond the 
one-electron theory in that anticommutation relations are introduced 
for the %’s and #’s, and it becomes necessary to verify that these 
anticommutation relations are Lorentz invariant. 

We proceed by a method analogous to that of § 75. We take two 
general points x and 2’ in space-time and form the anticommutator 


Kalt, x) — (x), (x’) + py (2's 4(2). (83) 


We can evaluate it by working directly from the anticommutation 
relations (71) for the Fourier components of ù and %. A simpler way 
is to note certain properties that K(x, x’) must have, namely 


(i) it involves x, and x, only through their difference Ly — Lyi 
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(ii) it satisfies the wave equation 


(in ot thy L 
OX 


A amm) K(x, x’) = 0 (84) 


ab 
on account of W(x) satisfying (66); 
(iii) for x, = 2 it has the value 5,,6(x—x’), as follows from the 
third of equations (70). 
These properties are sufficient to fix K,,(x, x’) completely, since (iii) 
fixes it for x) = 2), (ii) shows how it depends on xp, and (i) then shows 
how it depends on x). The solution is easily seen to be 


Kyp(o,2!) = h | FMLA, P+ amm) Pojan e1722 dp, (85) 


where the $ means a summation over the two values +(p?°+m?)? for 
p, With particular values for p4, P2, p3. It satisfies (ii) since the operator 
in (84) produces the factor (Po—a&,P,-—&mmM) in the integrand of 
(85), which factor gives zero when multiplied on the left into the 
factor {}. It satisfies (iii) since, with x) = 29, the summation over Po 
makes the second term in {} cancel out. 

The law of transformation for ù and ý given in § 68 has the effect 
of making the quantities %'(x')a, (x) transform like the four com- 
ponents of a 4-vector and making 1 (x')am y(x) invariant. Thus 


Leah (at! Joey, ple) Seb ("Jot (2) (86) 
is invariant with I” any 4-vector and S any scalar. The invariance | 
of (86) must be sufficient to ensure the correct transformation law 
for ys and x, since it enables one to deduce the invariance of the wave 
equation for y, by taking l” = th d/éx,, S = —m. 

The invariance of (86) leads to the invariance of 
(Ho, -+ Samast alt bp (x) +yy(a)ba(x')}. 
Thus (Ha, +Som)ab KoalX, x’) (87) 
should be invariant with K,,(x, x’) given by (85), and its invariance 
would be sufficient to ensure the invariance of the anticommutation 
relations. We get for (87) 


h= Í D laut Smal Pot % Prt Am M)oa ee Pp dp 
= h Í 2 A agt SAn) (PoF Xr PrF Am M)Yaa e~iaæ-r)plyy t dèp 
= n= f > 2 (lo Po —l, pr + Sm)e-#)- Pitty t dè?p. (88) 


This is Lorentz invariant because the differential element pj! d?p is 
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Lorentz invariant. Thus the relativistic invariance of the theory is 
proved. 


79. The interaction 
The complete Hamiltonian for electrons and positrons interacting 
with the electromagnetic field is 


where Hp is the Hamiltonian for the electromagnetic field alone, 
given by (19) or (45), Hp is the Hamiltonian for the electrons and 
positrons alone, given by (80) or (81), and Hg is the interaction energy, 
involving the dynamical variables of the electrons and positrons as 
well as those of the electromagnetic field. We take 
Hy = f Arj, dx, (90) 
with j,, given by (77) and (78), as we shall see that this gives the correct 
equations of motion. Thus, with neglect of infinite numerical terms, 
H = | G'a thief) + Pra, mp—eA(y—ptip)} Ba — 
—(87)-1 Í (B, Be+ A,A) dx. (91) 
Let us work out the Heisenberg equations of motion that follow 
from the Hamiltonian (91). We have 
ih Pax OXp = pax A—H Yax = pax Hp + Hgo)— (Hp + Hoax 
= | aw Pox llaithe” —eA w thy) + 
Han Mig — eA? y peh da 
= {a,( ~ thp" — eA”, pa) FAm mpy — eA p Paja 


y 0 l i 
Thus (en(g tet) — ayy = Q. (92) 


This agrees with the one-electron wave equation (11) of Chapter XI. 
Since H is real, the equation of motion for ù% will be the conjugate of 
the equation of motion for % and so will agree with (12) of Chapter XI. 
Thus the interaction (90) gives correctly the action of the field on the 
electrons and positrons. Further we have, making use of the P.B. 
relations in (46), 


aA, (Oxy = [A,, H] = (Ay, Hp] 
= B, (93) 
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and 0B,,,/0%) = [Bp H] = [Bix Hr] + [Bp Ho] 


px? 
= V?A,.+ Í [Bugs Alje Bx’ 
= VPA paT ET px (94) 
(93) and (94) lead to OA, = 4rjp (95) 


which agrees with the Maxwell theory and shows that the interaction 
(90) gives correctly the action of the electrons and positrons on the 
field. 

To complete the theory we must bring in the supplementary con- 
ditions (54). We must verify that they are in agreement with the 
equations of motion. The method used in §77, which consisted in 
showing that the supplementary conditions at different times in the 
Heisenberg picture are consistent with one another, is no longer 
applicable, because the quantum conditions connecting dynamical 
variables at different times get altered by the interaction in a way 
that is too complicated to be worked out. So we shall obtain all the 
supplementary conditions affecting the dynamical variables at one 
instant of time and check whether they are consistent. 

We have again equations (56). A further differentiation with respect 


to £o gives (2A lôr, = 0. (96) 
Now the equation of motion for %, namely (92), leads, as in § 68, to 


A(ibta, y)/ax, = 0, 
This is the same as 0j,,/0x, = 9, (97) 


because the difference between —ep'y and jọ is constant in time, even 
though it is infinite. From (95) we now see that (96) holds as a strong 
equation. Thus equations (56) are the only independent supplemen- 
tary conditions affecting the dynamical variables at one instant of 
time. The first of them gives (57), as before, and the second now gives, 
with the help of (95) for u = 0, 


(Aa +B, y +477) = 0. (98) 
This may be written 

(AL U)” + 4nja = 0 (99) 
or, from (39), div €—47j, = 0, (100) 


and is just one of the Maxwell equations. 
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One can see without detailed calculation that, for any two points 

x and x’ at the same time, 

[Jox Jox] = 9, 

since, from the form of (70), the P.B. must be a multiple of 6(x—x’) 
and cannot contain derivatives of 6(x— x’), while also it has to be anti- 
symmetrical between x and x’. Thus the extra terms 477,, in equa- 
tions (98) for various values of x, as compared with the corresponding 
equations (58), commute with one another as well as with all the 
other dynamical variables occurring in (58) and (57). It follows that 
these extra terms will not disturb the consistency of (58) and (57), 
and hence (98) and (57) are consistent. 

Our method of introducing interaction into the theory was not 
relativistic, since the interaction energy (90) involves the dynamical 
variables at an instant of time in some Lorentz frame. It therefore 
becomes questionable whether the theory with interaction is a rela- 
tivistic one. Our field equations, namely (92) and (95), are evidently 
relativistic and so are the supplementary conditions (54). It remains 
uncertain whether the quantum conditions are Lorentz invariant. 

We know the quantum conditions connecting all our dynamical 
variables 4 o Bux: Pax: Yax at a given time zx. We cannot, as men- 
tioned above, work out the general quantum conditions connecting 
dynamical variables at any two points in space-time, because the 
interaction makes it too complicated. We shall therefore make an 
infinitesimal Lorentz transformation and work out the quantum con- 
ditions at a given time in the new frame of reference. If we can estab- 
lish that the quantum conditions are invariant under infinitesimal 
Lorentz transformations, their invariance under finite Lorentz trans- 
formations will follow. 

Let 2 be the time coordinate in the new frame of reference. It is 
connected with the original coordinates by 

LÈ = LoF EV, Zy, (101) 
where eis an infinitesimal number and v, is a three-dimensional vector, 
ev, being the relative velocity of the two frames. We shall neglect 
terms of order e°. 

A field quantity x at the place x at the time xf in the new frame 
has the value 

K(X, £$) = K(X, 2o) + (2$ — x9) Ox,,/OXy = K(X, Ly) tev, x,[k,, H]. 
(102) 
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Its P.B. with another such field quantity A(x’, £) is 
(x(x, v%), A(x’, w*)] = [k(X, wy) + ev, 2,[«,, H], A(X’, vo) + ev, rA H] 
= [k(X, o), AX", 9) Hedy Lro Days HIJ 
fer, [lig H], Xe] 
= [ie(X, 20), A(X’, Bp) ] er, (2—2) Days HIH 
ev, lle hy] H]. (103) 
If x and A are yw or % variables, we should be interested in their anti- 


commutator instead of their P.B. Using the notation (69) for the 
anticommutator, we have 


[«(X, x9); A(x’, ao) ] + 
= [«(X, Zo), A(x’, %)] 4+ EV, Try [Ax A\\,+ EV, L| [ky H], Ay l+ 


= [K(X, 29), A(X", £o) Her, — Blk, Days AT, ev, 8l Ay lye A]. 
(104) 
With «x and À any two of the basic variables A,, B, Yas Ya the P.B. 
[kov Ax] or anticommutator [kys Àx]; as the case may be, is a number, 
and so the last term in (103) or (104) vanishes. We are left with 
[«(X, xo), A(X", xo) |. = [«(X, £o), A(x’, zajat- 

+ €v,(%,—2,)[ Kx, [Ax Hp+Hp]]+ + €V,(%,—%,)| Kx, [Ax Ho ]]+ ) (105) 
where [«,A], denotes the P.B. or the anticommutator, as the case may 
be. From the form (90) for Hy we see that [A,,, Hy] can involve only 
the dynamical variables £w, Pax» Pax and cannot involve any deriva- 
tives of these variables. It follows that [«,, [A,, Hg]],, I£ it does not 
vanish, will be a multiple of 6(x—x’) and will not contain terms with 
derivatives of 5(x—x’). Hence the last term of (105) vanishes. We 
can conclude that [x(x,2%),A(x’, zq)], has the same value as when 
there is no interaction, and is thus Lorentz invariant from our earlier 
work. 

A possible criticism of the above proof should be noted. At several 
places we worked out expressions in powers of e and neglected e. 
Such a procedure cannot be valid for calculating [k(x), A(x’)], with x 
and x’ two general points in space-time lying close together, so that 
Ly —%, is of order e, because the result of the calculation should be 


H 


a function of the (z, —x,) s having a singularity when the 4-vector 


¢~—zx’ lies on the light-cone and such a function, of course, cannot be 


. . à 3 
expanded as a power series in the (x,,—x,)'s. 


X 
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To validate the argument we should reformulate it so as to avoid 
the use of the ò function. Instead of evaluating [«(x, xf), A(x’, x%)]_, 
we should evaluate 


| f au(x, 28) dx, f by A(X’, a) da] (106) 


where a, and b, are two arbitrary continuous functions of 21, £o, Xz. 
Then the quantities that we need to expand in powers of «e all vary 
continuously with a continuous change in the direction of the time- 
axis, and the expansions are justifiable. The equations that we now 
get are those of the previous argument multiplied by a,b, d®xd?a’ 
and integrated. We are led to the same conclusion—that the P.B. 
or anticommutator has the same value as when there is no interaction. 
It will be seen that the reason why the interaction does not disturb 
the quantum conditions is because it is so simple, involving only the 
basic dynamical variables and not their derivatives. The P.B.s and 
anticommutators have the same values as with no interaction pro- 
vided they refer to variables at two points in space-time that are at 
the same time with respect to some observer. This means the two 
points must be outside each other’s light-cones and may approach 
coincidence only along a path lying outside the light-cone. 


80. The physical variables 
A ket |P> that represents a physica! state must satisfy the supple- 
mentary conditions 

(B +A,")|P) = 0, (div €—474,)|P> = 0. (107) 
A dynamical variable is physical if, when multiplied into any ket 
satisfying these conditions, it gives another ket satisfying these con- 

ditions. This requires that it shall commute with the quantities 
B447, div €—4nj,. (108) 

Let us see what simple dynamical variables have this property. 

The transverse field variables £., Z, evidently commute with the 
quantities (108) and are physical. The variable 4, commutes with 
the first of the quantities (108) but not the second and is thus not 
physical. We have 


hl bars Box’: Pox] = (Pax Doe t Pox Pax) Pox 
— bgp O(K— X’ by, = Bay (X — X’). 
Thus [Pax jox] = teh. pax (X — X’). (109) 
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From (42) 
[etePxl® div €] = 4rie/h. et Vx (x— x’). 
Hence 
[ev aT div Êr — drjox] — [etek div Ebay — Are ba Jox’] 
= 0. 
Thus if we put Wir == CHIR (110) 


b* commutes with both expressions (108) and is physical. Similarly 
Jx is physical. The variables ~%,, %,, Yž, b* are the only independent 
physical variables, apart from the quantities (108) themselves. 

We have 

Jo = —łe(p* tyt — pt pr), Jr = — expen, p*. (111) 

Thus the charge density and current are physical. Also it is easily 
seen that € and Æ are physical, just as in the case when there are 
no electrons and positrons present. All those variables are physical 
that are unaffected by the arbitrariness that exists in the electro- 
magnetic potentials in the Maxwell theory. 

The operator 4,, represents the creation of a positron or the 
annihilation of an electron at the place x. Let us see what is the 
physical significance of the operator J*,. From (44) 


ihein xh, EJ = eetVxlä(y — x)| x— x’, 
and hence Ai End = eile ax x 
or Ery pax = pax Erm telp E) |X’ — x|}. (112) 
Take a state |P) for which €, at a certain point x’ certainly has the 


numerical value c,, so that 
Ex P) = ¢,|P). 
Then from (112) 
Ene lP) = {c,+e(a,—2,)|x’—x| WP), 
so for the state Jix|P), €, at the point x’ certainly has the value 
C,+e(x.—x,)|XK’— x|. 
This means that the operator }7,, besides creating a positron or annihi- 
lating an electron at the point x, increases the electric field at the 
point x’ by e(#,—2,)|x’—x]|-°, which is just the classical Coulomb 
field at x’ of a positron with charge e at the point x. Thus the operator 
be, creates a positron at the point x together with its Coulomb field, 
or else annihilates an electron at x together with its Coulomb field. 
- For electrons and positrons interacting with the electromagnetic 
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field it is the variables ¥*, J*, rather than the variables %, , that 
correspond to the physical processes of creation and annihilation of 
electrons and positrons, since these processes must always be accom- 
panied by the appropriate Coulomb change in the electric field around 
the point where the particle is created or annihilated. It is easily seen 
that the variables J*,, 4%, satisfy the same anticommutation relations 
(70) as the unstarred variables. When we pass to the momentum 
representation the important quantities will be, not the unphysical 
variables 4, defined by (67), but the physical variables 5% defined by 


Wie = hi | epyk dp, y = het [ etme d?a. (113) 
We must now replace (68) by 


l r Prt Xm mM 1 pt ämm 
éS = 5} T | oD = 51- brag, 
and take & to represent the annihilation of an electron of momentum 
p, % the creation of an electron of momentum p, fs the creation of 
a positron of momentum —p and ¢% the annihilation of a positron 
of momentum —p. The variables yž, Jš, ¿%, E*, ($, [* will all satisfy 
the same anticommutation relations as the corresponding unstarred 
variables. 
We can express the Hamiltonian entirely in terms of physical 
variables. We have 


yr — eiF br iejh. Vrp). 
Thus 


Hp+Hg = | (P'a [iip e(t — Vh] Ploy my + Anjo} Bx 

= | (Pt, (iti — ect) + a mp +A o) Ber 
The last term in the integrand here should be combined with H,,. 
From (49) and (57) 


Hp & — (8m) Í (U—A,)(U+A,)" dx 
b | (UA) jg dx 
with the help of (99). Thus 
Hert | Ajo d'e = $ | (U+Ag)jo da. 
Integrating (99) with the help of formula (72) of § 38, we get 


J [X= x] 
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and hence 

Appt f A%, Pr = F ides Brdr. 
Thus we get A= H* 
with 


H* = Í LT oy, (— ip — eS f*) Hitan my} dèx- 
+ Hpp +- s{{ isle, Badex'. (114) 


We may use H* instead of H as our Hamiltonian. It leads to tne 
same Schrodinger equation for a physical ket, since if |P) is physical 
H*|P) = A|P). 
Also it leads to the same Heisenberg equations of motion for physical 
variables, since if é is a physical variable 

[é, H*] = [é, H] 
Thus H* and H are equivalent Hamiltonians for the physical quanti- 
ties, and the others do not matter. 

H* involves only physical variables. The longitudinal field variables 
do not appear in it. Instead of them we have the last term of (114), 
which is just the Coulomb interaction energy of any charges that are 
present. The appearance of such a term in a relativistic theory is 
rather strange, as it is an energy associated with the instantaneous 
propagation of forces. It appears as a result of our having transformed 
the theory a long way from the Heisenberg form in which the relati- 
vistic invariance of the theory is manifest. 

We could set up a representation by taking as standard ket the 
product of the standard ket |0p> for the electromagnetic field alone, 
given by (61) and (62), with the standard ket |0p> for the electrons 
and positrons alone, given by (74). This representation would not be 
a convenient one, however, because its standard ket does not satisfy 
the second of the supplementary conditions (107 ). 

We get a more convenient representation if we take another stan- 
dard ket |Q> satisfying 


(By +4,")|Q> = 9, (div E—477}9)|@> = 9, (115) 
hy|Q>=0, D= lD = 9. (116) 
These conditions are consistent, because the operators on |Q) in 


them all commute or anticommute with each other, and there are 
enough of them to fix |Q> completely, apart from a numerical factor, 
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because there are as many of them as of the conditions for |0,)|0p). 
The conditions (115) show that |Q> satisfies the supplementary con- 
ditions and so represents a physical state. The conditions (116) show 
that |Q> represents a state for which there are no photons, electrons, 
or positrons present. 

Any ket |P> that satisfies the supplementary conditions (107) and 
so represents a physical state can be expressed as some physical 
variable multiplied into |Q). The only independent physical vari- 
ables that give non-vanishing results when applied to |Q> are £, 
ram Sip Hence | py _ wees, Bt, [)1Q). any 
os | P> is represented by a wave functional Y involving the variables 

Á ys gx, ot ap: it 1s a power series in these variables, the various terms 
in it corresponding to the existence of various numbers of photons, 
electrons, and positrons, with the Coulomb fields around the electrons 
and positrons. 

In using the representation (117) together with the Hamiltonian H * 
we have a form of the theory in which we can ignore the conditions. 
(115), as they have no effect on the kets (117). We must retain the 
conditions (116). The longitudinal variables then no longer appear 
in the theory. 


81. Interpretation 

The foregoing work establishes the basic equations of quantum 
electrodynamics. There are two forms of the theory, involving the 
Hamiltonians H and H* respectively. We must now: consider the 
interpretation and application of the theory. We shall take the H* 
form for definiteness. The argument would be essentially the same 
with the H form. 

The ket |Q) represents a state for which there are no photons, 
electrons, or positrons present. One would be inclined to suppose this 
state to be the perfect vacuum, but it cannot be, because it is not 
stationary. For it to be stationary we should need to have 


A*|Q> = C|Q> 


with C a number. Now H* contains the terms 


—e | gta, A" fy* Oa 5 st { osx. dad x’ , (118) 


x—x’| 


which do not give numerical factors when applied to |Q> and which 
therefore spoil the stationary character of |Q). 
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Let us call the state Q represented by |Q> the no-particle state at 
a certain time. If we start with the no-particle state it does not remain 
the no-particle state. Particles get created where none previously 
existed, their energy coming from the interaction part of the Hamil- 
tonian. 

To study this spontaneous creation of particles, we take the ket 
|Q> as initial ket in the Schrodinger picture and treat the terms (118) 
as a perturbation giving rise to a probability of the state Q jumping 
into another state, in accordance with the theory of §44. The first of 
them, resolved into its Fourier components, contains a part 


—e(o)ar [S Ei Foran Pip, (119) 


which causes transitions in which a photon is emitted and simul- 
taneously an electron-positron pair is created. After a short time 
the transition probability is proportional to the squared length of the 
ket formed by multiplying (119) into the initial ket |Q>, which is 

€°( 0.) an(%s)ea x . 
x PL] Olun Shp Me Me By Fo uenl Q> Phd pa h' dp’ 

= (&)ap(sdea | [SS <Q, 1x 
X [ffp Sep ela peas penl] Q Pld ®pdtk'd*p’. 
Using the values of the P.B. and anticommutators given by (4), (16), 
(72), (73), we get an integrand which depends on the k, k’ variables 
according to the law |k|~18(k—k’) for large values of k and k’. This 
gives an integral that diverges, so the transition probability is infinite. 
The second term of (118), resolved into its Fourier components, 
contains terms like £% &* 5, {* -pr which cause transitions in which 
two electron-positron pairs are created simultaneously. One can 
calculate the transition probability as before, and one finds again 
that it is infinite. From these calculations one can conclude that the 
state Q is not even approximately stationary. 
A theory which gives rise to infinite transition probabilities of 

course cannot be correct. We can infer that there is something wrong 
with quantum electrodynamics. This result need not surprise us, 
because quantum electrodynamics does not provide a complete 
description of nature. We know from experiment that there exist 
other kinds of particles, which can get created when large amounts of 
energy are available. All that we can expect from a theory of quantum 
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electrodynamics is that it shall be valid for processes in which there 
is not enough energy available for these other particles to be created 
to an appreciable extent, say for energies up to a few hundred MeV. 
Thus the high-energy part of the interaction energy (118) is quite 
unreliable, and it is this high-energy part that is responsible for the 
infinities. 

It appears that we must modify the high-energy part of the inter- 
action. At present there does not exist any detailed theory of the other 
particles and so it is not possible to say how it ought to be modified. 
The best we can do is to cut it out from the theory altogether, and so 
remove the infinities. The precise form of the cut-off and the energy 
where it is applied will be left unspecified. Of course, the cut-off 
spoils the relativistic invariance of the theory. This is a blemish 
which cannot be avoided in our present state of ignorance of high- 
energy processes. 

Even with a cut-off the no-particle state Q is not approximately 
stationary. It therefore -differs very much from the vacuum state. 
The vacuum state must contain many particles, which may be 
pictured as in a state of transient existence with violent fluctua- 
tions. 

Let us introduce the ket |V> to represent the vacuum state. It is 
the eigenket of H* belonging to the lowest eigenvalue. Here and sub- 
sequently H* denotes the expression (114) modified by the cut-off. 
One might try to calculate |V> as a perturbation of the ket |Q), but 
such a method would be of doubtful validity, because the difference 
between |V> and |Q) is not small. No satisfactory way of calculating 
|V> is known. In any case the result would depend strongly on the 
cut-off, and since the cut-off is unspecified the result would not be a 
definite one. | 

It follows that we must develop the theory without knowing |V). 
This is not a great hardship, because we are not mainly interested in 
the vacuum state. We are mainly interested in states which differ 
from the vacuum through having a few particles present in addition 
to those associated with the vacuum fluctuations, and we want to 
know how these extra particles behave. For this purpose we focus our 
attention on an operator K representing the creation of the extra 
particles, so that the state we are interested in appears as K|V). 

We do not know how the ket |V> varies with the time in the Schré- 
dinger picture, since we do not know the lowest eigenvalue of H*. To 
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avoid this difficulty we work in the Heisenberg picture in which |V> is 
constant. We then require K|V> to represent another state in the 
Heisenberg picture and thus to be another constant ket. This leads to 


dK |dt = 0. (120) 


Usually K will involve the time explicitly as well as Heisenberg 
dynamical variables, so (120) gives 
hok [t+ KH*—H*K = 0. (121) 

We now have each physical state determined by a solution K of 
(120) or (121). We obtained this result without knowing the vacuum 
ket |V>, and we can proceed to study K without knowing |V>. The 
only further information about K that we would have if we did know 
IVS would be that two K’s, say K, and K,, would correspond to the 
same state if we had (K,—K,)|V> = 0. But we can get on without 
this further information and count all different A’s satisfying (121) 
as corresponding to different states. 

We are thus led to a drastic alteration of one of the basic ideas of 
quantum mechanics, namely to represent a state by a linear operator and 
not a ket vector. This alteration is brought about by the complexities 
of applying quantum mechanics to a field and by our ignorance of 
high-energy processes. 

A trivial solution of (120) or (121) is K = 1. This evidently corre- 
sponds to the vacuum state. 

A general solution may be put in the form of an explicit function of 
t and of the dynamical variables at time t. Let us use the symbol n, 
to denote collectively the emission operators at time t. Thus n 
equals one of the variables W,,, 2p» Gp at the time tin the Heisenberg 
picture. The absorption operators are then 7,. A solution of (121) then 
appears as K = f (t, 1o 7): (122) 
We require some physical interpretation for the state represented by 
this K, as the usual physical interpretation of quantum mechanics, 
requiring a state to be represented by a ket, is no longer applicable. 
We shall need to make some new assumptions. 

Keeping to the Heisenberg picture, we introduce at each time t the 
ket |Q, satisfying the conditions (116) with respect to the Heisenberg 
dynamical variables at time ¢. These conditions may now be written 


Tl = 0. 
The ket |Q > corresponds to no particles existing at the time ¢ and it 
provides a reference ket for the discussion of general states at time f. 
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For any state fixed by a solution K of (121) we form A|Q,> and 
assume that this ket determines what can be observed at the time t and is 
to be interpreted according to the standard rules. We obtain K in the 
form (122) and then arrange it so that in each term all the absorption 
operators 7, are to the right of all the emission operators n; It is then 
said to be in the normal order. Any term in K containing an absorption 
operator then contributes nothing to K|Q,>. The surviving terms in 
K|Q, will contain only emission operators, like (117). Each surviving 
term is associated with certain particles in particular states, and the 
square of the modulus of its coefficient (with the appropriate factors 
n! when there is more than one boson in the same state) is assumed to 
be, after normalization, the probability of these particles existing in 
these particular states at the time t. 

We now have a general method of physical interpretation which is 
rather similar to the usual one, but there are important differences. 
A term in K with an absorption operator on the right will not con- 
tribute to K|Q,> and so will not contribute anything observable at 
timet. We may call it a latent term at the time t. Such a term cannot 
be discarded as non-existent, because it will contribute observable 
effects at other times. These latent terms are a new feature of the 
theory and are to be understood as an incompleteness in the descrip- 
tion of a state in terms merely of the particles which can be observed. 
to be present at a certain time. 

As a consequence of the occurrence of latent terms, if K|Q,> is 
normalized at one time, it will usually not be normalized at other times. 
We thus have to carry out a separate normalization for each time in 
order to derive the probabilities. 


82. Applications 

There are two important applications of the foregoing theory in 
which effects are calculated that cannot be obtained from a more 
primitive theory. These applications are concerned with a single 
electron in a static electric or magnetic field. As a consequence of the 
interaction of the electron with electromagnetic waves, the energy 
levels are shifted somewhat from their values given by the elementary 
theory. The important cases are: 

(i) An electron in the Coulomb field of a proton. The theory here 
leads to a shift in the energy levels of the hydrogen atom. It is 
named the Lamb shift, after its discoverer. 

(ii) An electron in a uniform magnetic field. The extra energy is 
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here interpreted as arising from an extra magnetic moment of 
the clectron, called the anomalous magnetic moment. 


To take a static field into account one merely has to introduce 
potentials to describe it and add them on to the potentials in the 
Hamiltonian. The potentials of the static field are functions of 
£i, Zə, Xa only, and are numbers for each x, £a, x3, not dynamical 
variables, so their introduction does not increase the number of degrees 
of freedom. 

The calculations of the Lamb shift and anomalous magnetic moment 
are rather complicated. They are given in detail, working from the 
Hamiltonian H, in the author’s book Lectures on Quantum Field 
Theory (Academic Press, 1966). The results are in good agreement with 
experiment and provide a confirmation of the theory. 

These calculations were made in terms of the Heisenberg picture 
throughout. One may tackle quantum electrodynamics on the 
Schrödinger picture, looking for a solution of the Schrödinger equation 
by taking the no-particle ket, or a ket corresponding to just a few 
particles present, as the initial ket of a perturbation procedure and 
applying the standard perturbation technique. One finds that the 
later terms are large and depend strongly on the cut-off, or are 
infinite if there is no cut-off. The perturbation procedure is not 
logically valid under these conditions. 

Nevertheless people have developed this method a long way and 
have devised werking rules for discarding infinities (in a theory 
without cut-off) in a systematic manner, so that finite residual effects 
remain. The procedure is described in many books, e.g. Heitler’s 
Quantum. Theory of Radiation (Clarendon Press, 1954). The original 
calculations of the Lamb shift and anomalous magnetic moment were 
carried out on these lines, long before the corresponding calculations 
in the Heisenberg picture. The results are the same by both methods. 

I do not see how these calculations based on the Schrédinger 
picture, supplemented by some working rules, can be presented as a 
logical development of the standard principles of quantum mechanics. 
The Schrédinger picture is unsuited for dealing with quantum electro- 
dynamics, because the vacuum fluctuations play such a dominant role 
in it. These fluctuations present great mathematical difficulties, and 
also they are not of physical importance. They get bypassed when one 
uses the Heisenberg picture, and one is then able to concentrate on 
quantities that are of physical importance. 
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— picture, 112. 

— representation, 117. 

Hermitian matrix, 68, 69. 

Hilbert space, 40. 

holes, 252. 


identical permutation, 212. 
improper function, 58. 
independent, 16, 17. 
intermediate state, 175. 


ket, 16. o 
Kramers-Heisenberg dispersion for- 
mula, 248. 


Lagrangian, 128. 
Landé’s formula, 184. 
length of a bra or ket, 22. 
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linear operator, 23. 
longitudinal energy, 286, 290. 
— field, 277. 


magnetic anomaly of the spin, 166. 
— moment of electron, 165, 266. 
magnitude of angular momentum, 146. 
matrix, 68, 69. 

Maxwell’s equations, 290, 299. 
momentum representation, 96. 
multiplet, 182, 223. 


non-degenerate system, 171. 
no-particle state, 308. 
normal order, 310. 

normal state, 139. 
normalization, 22. 


observable, 37, 288. 

— having a value, 46. 

— having an average value, 46. 
odd permutation, 208. 

orbital variable, 220. 

— angular momentum, 142, 148. 
orthogonal bras, kets, 21. 

— representation, 54. 

— states, 22, 35. 

orthogonality theorem, 32. 
oscillator, 136, 227. 


P.B., 85. 

Pauli’s exclusion principle, 211. 
permutation, 208, 211. 

phase factor, 22. 

— space, 131. 

physical variable, 288. 

Planck’s constant, 87. 

Poisson bracket, 85. 

positive square root, 45. 
positron, 274. 

probability amplitude, 73. 

— coefficient, 180. 

— current, 260. 

— density, 258. 

— of observable having a value, 47. 
proper-energy, 179. 


quantum condition, 84. 


radial momentum, 153. 

real linear operator, 27. 
reciprocal of an observable, 44. 
— permutation, 212. 
reciprocity theorem, 76. 


relative probability amplitude, 73. 
representation, 53. 
representative, 53, 67. 

rotation operator, 142. 


scatterer, 185. 

Schrödinger dynamical variable, 113. 
— picture, 111. 

Schrédinger’s representation, 93. 
— wave equation, lll. `’ 
second quantization, 230, 251. 
selection rule, 159. 

self-adjoint, 27. 

similar permutations, 212. 
simultaneous eigenstate, 49. — 
Sommerfeld’s formula, 272. 
spherical harmonic, 154. 

— symmetry, 143. 

spin angular momentum, 142, 267. 
— of electron, 149, 266. 

square root of an observable, 44. 
standard ket, 79. 

state, 11l. 

— of absorption, 187. 

— of motion, 12.. 

— of polarization, 5. 

stationary state, 116. 

stimulated emission, 177, 238. 
strong equation, 289. 
superposition of states, 12. 
supplementary condition, 287. 
symmetrical ket, state, 208. 

— representation, 208. 
symmetrizing operator, 225. 


time-dependent wave function, 111]. 
transformation function, 75. 
translational state, 7. 

transverse energy, 286, 291. 

— field, 277. 


uncertainty principle, 98. 
unit matrix, 68, 69. 
unitary, 104. 


wave equation, 11l. 

— function, 80. 

——- mechanics, 14. 

— packet, 97, 121. 

weak equation, 289. 
weight function, 66. 
well-ordered function, 130. 


